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We have the strongest of reasons to infer the existence of free ele¢- 
tricity in the sun. At high temperatures in the laboratory carbon and 
other elements emit great numbers of negatively charged particles, 
while friction, collision and exposure to ultra-violet light may be men- 
tioned among various other agencies capable of producing free elec- 
trons under solar conditions. On the other hand, the presence of in- 
tense magnetic fields in sun-spots points to a marked preponderance 
of negative electrons whirling in the spot vortex. Thus, without ad- 
ducing further evidence, we find that both laboratory results and solar 
phenomena indicate the presence of free electricity in various parts of 
the solar atmosphere.! 

The greater mobility of negative electrons and the influence of light 
pressure must codperate to transfer negative electricity toward the 
upper levels of the atmosphere, thus leaving the body of the sun with 
a positive charge. However, hot vapors and gases are such good con- 
ductors that any considerable potential difference would tend to be 
compensated by a flow of current. In the presence of complex and un- 
certain conditions, such as the possible influence of radio-active sub- 
stances, definite and unimpeachable knowledge of solar electric phe- 
nomena must be based upon a direct method of observation, which has 
recently become available through Stark’s capital discovery of the 
effect of an electric field on radiation. If adequately applied, this 
method’ may ultimately furnish as reliable information of solar elec- 
tricity as the Zeeman effect has already afforded of solar magnetism. 
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The Stark effect may be briefly described. Positively charged par- 
ticles (canal rays), emitted from the anode of a vacuum tube, pass 
through perforations in the kathode into an intense electric field. When 
viewed across the lines of electric force, the series lines of such an ele- 
ment as hydrogen are split into two sets of components, polarized in 
planes at right angles to one another. When seen along the lines of 
force, one set of components disappears, while the others are present 
but unpolarized.2 Thus, while the phenomenon resembles the Zeeman 
effect, a fundamental distinction lies in the fact that the components 
observed along the lines of force of a spectrum line resolved by a mag- 
netic field are circularly polarized in opposite directions. 

Our studies of the magnetic phenomena of sun-spots and of the sun 
as a whole have been based mainly upon this circular polarization, thus 
eliminating any possibility of attributing the observed effects to electric 
rather than magnetic fields. Many other criteria, such as differences 
in the number of components and the variation of separation with 
wave-lengths are also available to remove possible doubts, which may 
enter when the observations are made at right angles to the lines of 
force. 

The Ha line of hydrogen, when observed by Stark with moderate 
dispersion in an electric field of 28,500 volts per centimeter, was re- 
solved into three components. The two outer components are polar- 
ized parallel to the field while the central line (which is double under 
higher dispersion) is polarized in the opposite plane. Hence the total 
width of the resolved line may be greatly varied by rotating the Nicol 
prism mounted above the spectroscope slit, since in one position the two 
outer components will be transmitted, while if the Nicol is turned ninety 
degrees these will be cut off and the central line transmitted. 

In the sun the only known cases of line resolution (other than un- 
polarized reversals) are those found in the spectra of sun-spots. Im- 
mediately after the announcement of Stark’s discovery, we examined 
our photographs of spot spectra to determine whether any anom- 
alous cases of widened or resolved lines might be attributable to an 
electric rather than a magnetic field. In general, however, it was 
found that the outer components of spot triplets were sharply and com- 
pletely cut off by the Nicol and quarter-wave plate under favorable 
conditions of observation, and are thus circularly polarized. Even in 
the case of spots near the middle of the sun, the central line of these 
triplets is usually present, apparently indicating that the lines of mag- 
netic force are not exactly radial. But. this component is very nar- 
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row, and if the Stark effect, not yet determined for the elements repre- 
sented by these triplets, even approaches in order of magnitude the 
values indicated by the hydrogen and helium lines, the electric field at 
the level in question must be of very low intensity. This point will be 
followed up as soon as the Stark effect can be observed for iron, chro- 
mium, nickel, titanium, manganese, vanadium and other elements 
whose lines are resolved in sun-spots. 

The hydrogen lines are shown by our photographs to be weakened 
and narrowed in spot spectra. Thus they offer no indication of an 
electric field, but they will be carefully studied for possible traces of 
polarization phenomena. 

As the magnetic fields in sun-spots seem to point so plainly to the 
existence of electric fields, the negative evidence of the Stark effect so 
far found in this quarter is not promising for researches in other parts 
of the sun. But it must not be forgotten that the establishment of a 
definite upper limit of intensity for electric fields at many different 
levels in the solar atmosphere is of the utmost importance, and this can 
be secured even if no pos tive evidence of the Stark effect can be de- 
tected. In sun-spots the lines of force of the electric field would pre- 
sumably be tangential to the surface, making the center of the sun the 
best point for studies of the Stark effect. For the sun as a whole, on the 
contrary, the lines of electric force would be radial, so that evidence 
of a general electric field should be sought in the behavior of lines near 
the limb. These are well known to be unresolved and the only effect 
to be anticipated is a very slight widening of the lines, which should 
have plane polarized edges. 

The marked widening and displacement of solar lines near the limb, 
found here some years ago to be a general phenomenon of much impor- 
tance, is not due to the Stark effect, if we may judge from the fact that 
the lines cannot be reduced by a Nicol prism to their normal width 
at the center of the sun. We must determine, however, whether there 
may remain a very minute effect of widening, such as can be detected 
only with the most refined methods of observation. Three requirements 
must be met: 

1. High resolving power and linear dispersion in the spectrograph, 
supplied in our experiments by a large Michelson grating, giving theo- 
retically perfect resolution. As used in the 75-foot spectrograph of 
the 150-foot tower telescope the linear dispersion in the second order 
is about ‘3 mm. to the angstrom unit, or slightly greater than in Row- 
land’s map of the solar spectrum, which was enlarged from negatives of 
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about one-quarter this scale. The third order, where the linear dis- 
persion is nearly 5 mm. to the angstrom, has been used in some of our 
work. 

2. A strictly differential method of observation, involving the de- 
termination of the width of the same line on contiguous strips of spectra 
photographed in a single exposure with apparatus transmitting light 
polarized in planes at right angles to one another. A long Nicol prism 
mounted over the slit, with a compound half-wave plate above it, made 
of mica strips 2 mm. in width, fully met this requirement. In order 
to eliminate possible absorption effects in individual strips, the half- 
wave plate was made by combining the compound quarter-wave plate 
used in our investigations of the general magnetic field of the sun with 
a long piece of quarter-wave mica. By inverting this between ex- 
posures, a given strip can be made to transmit light polarized in either 
plane. 

3. A measuring machine capable of exhibiting the smallest varia- 
tions in the width of the lines on the odd and even strips. A Koch 
registering micro-photometer, recently constructed in our instrument 
shop, served admirably for this purpose. 

A series of photographs of the Ha and Hf lines of hydrogen, made 
with the slit set about 3 mm. within the limb (parallel to a tangent) of 
the large solar image of the 150-foot tower telescope, furnished therequired 
observational material. As employed for this work, the Koch machine 
gave photographic curves (reducible to intensity curves) of the Ha and 
HB lines on a scale fifty times that of the original negatives. Combin- 
ing measures of curves made for several sets of odd and even strips, 
the probable error of the average width of one group of curves is + 2.7 
mm. Thus a difference in mean width of 5 mm., corresponding in the 
second order to 0.034 angstrom, should certainly be discernible by our 
method. Assuming this least appreciable difference in width to be of 
the same order of magnitude as the Stark separation of the compo- 
nents, we may at once determine the maximum electric field present from 
Stark’s published results for Ha. For a field of 28,500 volts per centi- 
meter he obtained a difference in separation of 6.4 angstroms between 
the outer and inner components (polarized parallel and normal to the 
field). As the total separation is directly proportional to the field- 
strength, and as the Ha line shows no appreciable difference in width 
on the odd and even strips, it follows that the intensity of the solar 
electric field at the point of observation cannot exceed 150 volts per 
centimeter. A similar determination for the H8 line in the third order 
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gives a corresponding value of 100 volts per centimeter. It therefore 
seems safe to say that the electric field-strength at the level in question 
is less than 200 volts per centimeter.‘ 

Salet and Millochau, using lower dispersion, had previously found a 
maximum value of 7000 volts per centimeter for Hy in the chromo- 
sphere. Our much lower value indicates that in order of magnitude 
the electrical potential differences in the solar atmosphere may not 
greatly exceed those in the lower atmosphere of the earth, where they 
average about 1 volt per centimeter. In thunderstorms, of course, 
enormously greater differences occur, and it remains to be seen whether 
appreciable electric fields can be detected in solar eruptions, where the 
conditions for their production appear to be more favorable than in the 
quiet regions of the atmosphere. 


1 For a summary of the views of Goldstein, Bigelow, Deslandres, Arrhenius, and others 
on the electrical condition of the solar atmosphere see Bosler, Les théories modern du soleil; 
also recent papers in the Comptes Rendus Paris Acad. Sci. ; 

2 See Stark, Elektrische Spectralanalyse chemischer Atome, Hirzel, Leipzig, 1914. 

3 Hale, Solar Magnetic Phenomena, Proc. Amer. Phil. Soc., April 24, 1914, p. 254. 

‘Under high dispersion, Stark has resolved H8 into many components (loc. cit., Plate 
III). A variation in the relative intensities of these components under solar conditions, 
which is not improbable, might introduce an error into a determination of the maximum 
intensity of the electric field. It is likely, however, that the results here given are of the 
true order of magnitude. 

5 Salet and Millochau, C. R. Paris Acad. Sci., 158, 1000 (1914). 
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Presented to the Academy, January 18, 1915 


The study of the bright line spectrum given by the comparatively 
thin layer of gases which constitutes the sun’s atmosphere has usually 
been limited to the brief periods of total solar eclipses. During the 
few minutes that the dark body of the moon covers the sun’s image the 
spectrum of the shell of radiating gases surrounding the sun may be 
observed without difficulty, and photographs of this spectrum, known to 
astronomers as the spectrum of the flash, have formed one of the most 
importaht products of recent eclipse expeditions. 

Although admirable results have been secured in this way the 
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short duration of eclipses has necessitated the use of spectroscopes of 
moderate power, and as a consequence the determination of the bright 
line wave-lengths has by no means reached a degree of accuracy compar- 
able with that of the dark lines of the solar spectrum. Accordingly 
such questions as relate to small differences of wave-length between 
solar and flash spectrum lines, as well as some which depend upon the 
structure of the lines have of necessity remained unsettled. 

It was shown by Young, Lockyer and others that the flash spec- 
trum might be observed without an eclipse under conditions of good 
definition and high transparency, and Young was enabled to observe a 
considerable number of bright lines visually. Through the use of photo- 
graphic methods this work was extended greatly by Hale at the Kenwood 
Observatory and later at the Yerkes Observatory with the 40-inch re- 
fracting telescope. With this instrument he observed visually the 
green carbon fluting in the flash spectrum which lies in a very thin stra- 
tum close to the sun’s visible edge. 

The photography of the flash spectrum was one of the investiga- 
tions undertaken with the 60-foot tower telescope of the Mount Wilson 
Observatory and the 30-foot spectrograph used in ‘conjunction with it. 
A preliminary account of some of the results obtained was published in 
1909 by Hale and Adams. The results of a more detailed study of the 
photographs obtained at that time are indicated in this communication. 

The total number of lines measured upon the negatives is slightly 
larger than that obtained from eclipse negatives in the same region 
of the spectrum (\ 4800 to \ 6600). Thus a comparison with Mitchell’s 
recent determinations from plates obtained at the eclipse of 1905 shows 
a total of 901 lines for the eclipse photographs and 1027 for those taken 
without an eclipse. The chief interest in such a comparison, how- 
ever, lies in the difference in the lines observed. The eclipse photo- 
graphs show as strong bright lines nearly all of the strong dark lines 
of the solar spectrum. On plates taken without an eclipse many 
of these lines remain dark, or at most show faint bright fringes on 
either side. The proportion, however, of faint lines of the solar spec- 
trum represented as bright lines in the flash spectrum is much greater 
than on the eclipse photographs. It seems very probable that this 
difference in behavior is due to the difference in the level of the ob- 
servations. The eclipse plates refer to a high level in the solar at- 
mosphere, and, as St. John has shown, the strong lines of the solar 
spectrum originate at a higher effective level than do the fainter lines. 
A comparatively low level for the observations made without an eclipse 
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is also indicated by the great strength of the green carbon fluting, and 
by the appearance of a large number of double reversals among the bright 
lines observed. 

This phenomenon of double reversal appears to be essentially a 
universal characteristic of the lines in the flash spectrum. In appear- 
ance the reversals resemble closely those of the hydrogen lines and 
of the H and K lines of calcium, and like them they are always approxi- 
mately symmetrical. There seems to be no sufficient reason for con- 
cluding that these reversals are not due, as in the laboratory, to the 
radiation of a dense mass of gas through a cooler outer layer of lower 
density. On this basis the presence of numerous double reversals 
in the flash spectrum would indicate the existence of comparatively 
dense gas at the point under observation, and hence a low level in the 
solar atmosphere. 

The wave-lengths of the bright lines in the spectrum of the flash 
taken without an eclipse have been determined with reference, to those 
of the dark lines of the limb spectrum which are present on the same 
photographs. Accordingly it is possible to judge of the existence 
of any systematic displacement of the bright lines, a result which can- 
not be obtained from eclipse spectra which contain bright lines alone 
and no standards of reference... A comparison of the wave-lengths of 512 
identified lines gives a value: bright lines — dark lines at limb = — 0.002 
angstrom. ‘The preponderance of the negative sign in the case of the 
individual elements makes it fairly probable that this small quantity is 
to be regarded as real. If so, it finds a ready explanation in the slightly 
higher level of the point under observation in the case of the flash spec- 
trum. At this higher level the cause which produces the displace- 
ments of the solar lines at the limb toward the red, which is probably 
a pressure effect, in part, at least, would act less strongly, and the bright 
lines would have a position to the violet of the dark lines. 

A comparison of these measures with those by Mitchell on his eclipse 
spectra indicates a marked gain in accuracy for the Mount Wilson 
results. The average deviation of all of the lines common to the two 
sets of observations between the limits \ 4800 and 5880 is as follows: 
Eclipse Results, 0.030 angstrom; Mount Wilson Results, 0.012 angstrom. 
In this comparison blends and double reversals have been omitted. It 
appears, accordingly, that the greater linear scale of the Mount Wilson 
photographs contributes notably to the accuracy of the measurements. 

It is well known that the lines of certain of the elements of high 
atomic weight are extraordinarily prominent in the flash spectrum. 
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If we compare the intensities of these lines on photographs taken with 
and without an eclipse with the intensities of lines due to such elements 
as iron, we find the lines of the heavy elements relatively stronger 
on the plates taken without an eclipse. The heavier elements, there- 
fore, are at a comparatively low level in the solar atmosphere, a result 
in harmony with that found from investigations of solar rotation and of 
radial motion in sun-spots. 

The close agreement in wave-length between the bright lines of the 
flash spectrum and the dark lines of the limb spectrum is difficult, of 
explanation on the basis of anomalous refraction in the solar atmos- 
phere. If hypothetical irregular density gradients are used to account 
for the displacements of the dark lines at the sun’s limb as has been 
done by Julius, it would seem necessary to conclude that they would 
have a marked effect upon the wave-lengths of the bright lines in the 
flash spectrum for which the path of the light is very similar. No 
such effect is found. Neither the regular density gradient nor the 
presence of irregular density gradients appears to be capable of ex- 
plaining simultaneously the displacements at the sun’s limb and the close 
correspondence in wave-length of bright and dark lines without the 
introduction of additional assumptions. The symmetry of the double 
reversals of the flash spectrum lines is also opposed in general to a theory 
which ascribes their origin to anomalous refraction and dispersion in 
the solar atmosphere. 

Some peculiar characteristics of the dark line spectrum of the sun’s 
limb are seen on the photographs of the flash spectrum. Insome regions, 
especially near \ 5050, the intensities of the solar lines are so greatly 
modified as to render identifications difficult. A number of lines of con- 
siderable intensity make their appearance, which are not seen at all 
in the solar spectrum, and conversely, strong lines in the solar spectrum 
are weakened very greatly at the sun’s limb. The identification of the 
elements to which these lines belong should prove to be a matter of 
decided interest. 

The full details of this investigation with tables showing the results 
for 1027 bright lines will appear as Contributions from the Mount Wilson 
Observatory No. 95, in the current volume of the Astrophysical Journal. 
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VARIABILITY OF SPECTRUM LINES IN THE IRON ARC 


By C. E. St. John and H. D. Babcock 


MOUNT WILSON SOLAR OBSERVATORY, CARNEGIE INSTITUTION OF W.*>SHINGTON 
Presented to the Academy, January 18, 1915 


Recent progress in the application of spectroscopy to physical and as- 
tronomical problems has depended in large measure upon the determi- 
nation of very minute changes in spectrum lines, involving not only their 
position in the spectrum, but their variations of intensity and shape and 
their alteration by magnetic and electric fields. In the attempt to in- 
terpret observations upon the spectra of heavenly bodies, which in gen- 
eral are produced under the most complex conditions of radiation, it is 
therefore of prime importance to possess detailed information regarding 
the peculiarities of behavior of spectrum lines individually. 

These considerations make clear the need for standard lines whose 
wavelength is accurately known when they are produced under known 
conditions, and whose response to definite variations in the physical condi- 
tions surrounding the source is well established. For the general purposes 
of precision spectroscopy, the necessity for the fixing of a complete system 
of working standards~of wavelength extending throughout the spectrum 
has led to the adoption of the electric arc between iron terminals under 
certain specified conditions as a standard source of radiation. However, 
the determinations by different observers of the wavelengths of lines se- 
lected as standards do not show the accordance which would be expected, 
if the errors were solely those inherent in the method of observation. 
The suspicion thus aroused as to the constancy of these wavelengths, 
when the arc is employed under the specified conditions, coupled with 
the need for extensions to our knowledge of the character of the lines 
under different conditions of radiation has made necessary a careful study 
of the iron arc spectrum, some results of which form the substance of this 
paper. 

A visual observation of the arc made with the help of various colored 
screens brings out the fact that there are considerable differences in 
brightness in different parts of this source. At the negative pole the 
vapor is in general far brighter than at the positive pole, while there is 
an equatorial region which is less bright than either. With a deep red 
screen the outer envelope of the arc appears to surround a comparatively 
dark core which contains two small bright brushes, one emanating from 
each pole. A blue screen, on the other hand, causes the outer parts to 
appear much fainter than the part which appeared dark in red light. 
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These facts and others associated with them led us to compare the 
spectra of different parts of the arc with apparatus of high power, and a 
method was developed for making studies of this kind under conditions 
favorable to the detection of very small variations in the spectrum. 
Even with very stable apparatus, considerable difficulty is found with 
high dispersion spectrographs in eliminating minute instrumental dis- 
turbances sufficiently large to interfere seriously with observations of 
quantities whose order of magnitude is a few thousandths of an angstrom, 
and it was not until we made our exposures to the two parts of the source 
simultaneous that we obtained satisfactory consistency in the results. 
This was accomplished by means of a pair of small total reflecting 
prisms arranged over the slit of the spectrograph in a 5-fold enlarged 
image of the arc, with a rotating sectored disk interposed in the path of 
the light from the brighter portion of the source. The latter adjunct 
serves to equalize the effective intensities so that the corresponding spec- 
tral images are practically identical in blackness—a necessary precaution 
when their positions on the photographic plate are to be determined by 
visual observations with a filar micrometer. The same auxilliary appa- 
ratus was employed for comparing the spectra of two separate arcs oper- 
ated with different current strengths, and it may, be applied to many 
comparisons requiring the highest precision. By the aid of it we have ob- 
tained photographs of the entire visible spectrum of iron and part of the 
ultraviolet, the spectrum of the light from near the negative pole appear- 
ing as a narrow strip extending along the center of the plate, with contigu- 
ous spectra on each side taken from the midpoint of the arc. Upon these 
plates we have measured for about 1600 lines the wavelength at the neg- 
ative pole using the same line at the center of the arc as a reference stan- 
dard. Of the lines examined about 1300 show no determinable difference 
in wavelength, 249 are displaced toward the red and 64 toward the violet, 
the larger shifts amounting to about +0.025 angstrom and —0.030 ang- 
strom respectively. The presence upon the same photograph of lines 
belonging to all three of these classes establishes the fact that many 
lines in the spectrum are modified in some way at the pole of the arc to 
an extent which must be taken into account when they are involved in 
precise measurements. It becomes of importance, therefore, to enum- 
erate and classify these lines and to determine under what conditions, 
if any, they may be used as standards of reference. Also, the question 
may be raised as to whether the shifts we observe are actual displace- 
ments of the maxima of the lines or are due merely to unsymmetrical 
widening. Concerning this latter point it should be said that especial 
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attention was given it both in collecting and discussing our data. The 
equalization of the brightness of the two parts of the source by the ro- 
tating disk referred to above was always nearly complete except when 
the light from the pole was purposely made fainter than from the center. 
Under these latter conditions it was found that the displacements persist- 
ed, although if due to unsymmetrical widening they should disappear. 
Furthermore, a set of typical lines showing displacements in both 
directions were observed with two different forms of microphotome- 
ter, both of which confirmed the conclusion that the maximum of the 
line is actually displaced at the pole as compared to its position at the 
center of the arc. With either of these instruments the location of the 
maximum of a line is independent of any bias on the part of the observer. 
It is true that the shifts are often accompanied by considerable dissym- 
metry, though there are some exceptions. 

An examination of our data brings out a partial correspondence 
between the effects observed at the negative pole and those known to 
be due to increase of pressure around the source. But we find a large 
number of lines whose wavelengths are unaffected at the negative 
pole, which should show an easily measurable increase in wavelength 
if there were a general increase in pressure near the pole sufficient to 
account for the observed displacements. This would suggest the prob- 
ability that some other agency than pressure is effective, but the possi- 
bility remains of a local increase in pressure affecting only the inner- 
most portion of the vapor in the vicinity of the pole. To determine 
the rdle played by pressure a fuller knowledge is required of its effect 
upon the wavelengths of these affected lines, a subject now under in- 
vestigation at this observatory. A more complete discussion of this 
question and of the possible effect of density as distinguished from 
pressure, together with complete lists of affected lines, will appear in 
our more extended paper soon to be published in the Astrophysical 
Journal. 

In addition to the observations discussed above, we have measured 
the relative intensities in different parts of the arc of a few typical lines 
in the green part of the iron spectrum. For this purpose still higher dis- 
persion and resolving power were employed in the spectrograph, and the 
slit was placed parallel to the axis of the arc. As precautions against 
the numerous sources of error in such observations, may be mentioned 
the impression of a photometric scale upon each photographic plate 
used, the avoidance of overexposure, etc. The enlarged image of the 
arc and the long slit of the spectrograph permit an excellent analysis of 
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the image from one pole of the arc to the other, although each line image 
represents an integration of all the light in the line of sight. These pho- 
tographs display the differences between different classes of lines in a 
striking manner, showing the variations in width, intensity, dissymmetry, 
etc., from point to point along the arc axis. For deriving from these 
plates curves showing the variation of intensity across the spectrum line 
at any desired point, a registering microphotometer was employed. 
This instrument automatically draws a curve which can be transformed 
by the aid of the photometric scale into an intensity curve. By com- 
paring these intensity curves for a given line taken at a series of points 
along the axis of the arc, an idea is had of the actual shape of the line in 
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Fig. 1. Comparative intensities at pole and center. 
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different parts of the arc. Figure 1 shows typical intensity curves taken 
from near the negative pole and the center of the arc respectively for 
two lines. The dotted curves refer to \ 5424, which shows a large shift 
toward the violet at the negative pole, while the other curves belong to 
5434, whose wavelength is unchanged. Both lines are seen to be more 
intense at the negative pole than at the center, but the difference is 
greater for \ 5424. On account of the greater widening and dissymmetry 
shown by this line in the vicinity of the pole, it is important to compare 
the total energy of radiation at center and pole for each line. This has 
been accomplished by taking intensity curves at short intervals along 
the line from one pole to the other, integrating these curves and plot- 
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ting their areas as ordinates with abscissae corresponding to the points 
at which the intensity curves were taken. Figure 2 shows the energy 
curves thus obtained for the same lines. The apparent decrease in energy 
close to the negative pole is undoubtedly fictitious, being introduced by 
several causes operating during the exposure of the photographic plate. It 
is seen from the curves of Figure 2 that the energy of emission of 5424 
is 6 times as great near the negative pole as it is at the center, while 
for \ 5434 the ratio is 3.2. Since the former line occurs chiefly in the 
core of the arc and the latter is strong in both inner and outer parts, 
viz., throughout a much greater volume of arc vapor, it is possible that 
the effects observed at the negative pole for lines like ) 5424 are due in 
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Fig. 2. Distribution of energy along the axis of the arc. 


part to the greater proximity of the separate radiating centers; in other 
words, to an effect of density of radiating vapor as distinguished from 
pressure. It is by no means certain that the true pressure effect depends 
entirely upon increased nearness of the centers of emission and not upon 
changes in the surrounding medium. 

From an examination of the variations of wavelength when the light 
is taken from points between the center and the negative pole, as well 
as from a comparison of spectra taken from the centers of two arcs carry- 
ing currents of different strength, we find that the most sensitive lines 
exhibit’ measurable displacements at considerable distance from the pole 
and are affected by changes of 40% in the current even when observed 
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at the center. Attention is thus called to the difficulty of securing re- 
producible values of the wavelength for such lines when the spectro- 
graph slit is placed parallel to the axis of the arc, especially if an astig- 
matic spectrograph is used. With the slit at right angles to the arc at 
its middle point, on the other hand, it is easy to obtain reproducible 
results. 

Our conclusions may be summarized as follows: 

1. It has been shown that the wavelengths of many lines in the iron 
arc spectrum depend upon the portion of the source used. 

2. These variations in wavelength appear not to be due to a general 
increase in pressure in the vicinty of the negative pole, but the ques- 
tions of a local increase in pressure and the possible effect of density 
are still under investigation. 

3. The energy distribution in the arc has been shown for two types 
of lines. 

4. Some working conditions whose observance favors the obtaining 
of reproducible values of wavelength have been quantitatively de- 
termined. 


AN EXPERIMENTAL STUDY OF LIPOLYTIC ACTIONS 


By K. George Falk 


HARRIMAN RESEARCH LABORATORY, ROOSEVELT HOSPITAL, NEW YORK 
Presented to the Academy December 31, 1914 


Purpose of this Investigation. The chemical changes which occur in 
animal and vegetable growth have focused attention in recent years 
upon a group of catalytic agents, the enzymes, which are capable of ac- 
celerating these changes. The study of the chemical nature and behavior 
of enzymes is, however, extremely difficult because of the complexity 
of the substances which occur in living matter and which constitute ‘in 
most cases the material upon which the enzymes act. Thus most enzy- 
matic reactions involve changes in substances such as proteins or starches, 
which are themselves of unknown chemical structure. There are, how- 
ever, some which produce changes in simpler substances. Among these 
are the lipases, or the ester-hydrolyzing (including the fat-hydrolyzing) 
enzymes. In this case the composition and structure of the initial and 
final substances involved in the reaction are definitely known, and the 
uncertain factors due to the chemical nature of the substance acted upon 
are eliminated. 
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This investigation on the action of lipases was therefore undertaken. 
It has now been in progress for a number of years; and a series of papers 
describing the experiments in detail have been published in the Journal 
of the American Chemical Society for the years 1912, 1913, and 1914. It 
is the purpose of this paper to summarize the more important results 
and conclusions. With reference to these it should be stated that the 
aim of this investigation has been, not so much to follow the changes 
which the lipase produces in other substances (for example, by measuring 
the rate at which it causes the hydrolysis of different esters), as to study 
the changes in the activity of the lipase itself under various conditions, 
in the hope of obtaining information with regard to the chemical and 
physical properties of the substance or substances upon which the lip- 
olytic actions depend. 

Preparation of Extracts Containing Two Kinds of Lipase from Castor 
Beans. Lipases were prepared from both vegetable and animal sources. 
The most satisfactory and interesting material was found to be husk-free 
and oil-free castor beans. From these beans two distinct kinds of en- 
zyme were readily extracted and separated from each other. These two 
preparations differed from each other in their hydrolytic action upon 
esters. Under certain fixed conditions the one was found to exert a 
comparatively greater action on ethyl butyrate than on glyceryl triace- 
tate; the other to exert a comparatively greater action on glyceryl tri- 
acetate than on ethyl butyrate. The two kinds will be called esterase 
and lipase, respectively. Ethyl butyrate was used in these hydrolysis 
experiments as an example of a simple ester not readily hydrolyzed by 
water; glyceryl triacetate, as an example of an ester analogous to the 
naturally occurring fats and oils, from which it differs, however, by its 
greater solubility in water which makes it more convenient in compara- 
tive experimental work. 

The esterase of castor beans was found to be associated with sub- 
stances soluble in water; for clear aqueous solutions of it are obtained by 
direct extraction with water, dialysis, and filtration. The lipase of cas- 
tor beans was obtained by extracting the water-insoluble castor-bean 
preparation with 1.5 normal sodium chloride solution, in which it shows 
a maximum solubility, and removing the salt by dialysis. In this way 
a mixture containing the lipase in suspension is formed. 

There was no indication of the presence of a co-enzyme with either 
the esterase or lipase. The identity of the esterase with glycerophos- 
phatase ‘described by Plimmer (Biochem. J., '7, 43; 1913) was made 
probable. 
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Presence of These Lipases in Other Materials. Soy beans were found 
to contain no esterase, but to contain a lipase having an appreciable 
solubility in water, but showing again a maximum solubility in a 1.5 
normal solution of sodium chloride. Both esterase and lipase were found 
to be present in human intestinal secretions obtained by means of duo- 
denal tubes. The esterase predominated in the secretions when no food 
had been taken for some time previously; and it is therefore probably 
present in the intestinal juice (succus entericus). The lipase predomi- 
nated after the ingestion of food; and it therefore doubtless occurs in 
the pancreatic juice and bile. 

Effect of Neutral Salts on the Rate of Hydrolysis of Esters by Enzymes. 
The effect of a number of neutral salts on the rate of the hydrolytic ac- 
tions produced by these enzymes was studied systematically over wide 
ranges of concentration. Similar results were obtained with the enzymes 
from different sources. In some cases the added salts showed very marked 
differences in their effect on the hydrolytic actions of the two enzymes 
on their respective esters. The esterase action, for instance, was retarded 
by the presence of sodium chloride or sodium bromide, the retardation 
being distinct even at a concentration of 0.005 normal and increasing 
with increasing concentration of the salts. The lipase action, on the 
other hand, was increased by these salts up to a concentration of 0.1-0.2 
normal, and was then decreased, this decrease becoming considerable 
at high concentrations. Sodium fluoride produced a very strong retarda- 
tion with both enzymes even in solutions as dilute as 0.1 normal or less. 
The retarding action of sodium iodide was intermediate between that 
of the chloride or bromide and the fluoride. Other uni-univalent salts 
and certain uni-bivalent and bi-bivalent salts were studied similarly. 
Some of the bivalent radicals or ions, for example sulphate, were found 
to increase the lipolytic actions. 

The possibility that a deleterious action is exercised on digestive proc- 
esses by bromide and iodide when administered therapeutically in large 
amounts or over long periods of time was indicated by these results. 
The inhibiting actions of these salts were shown to be due to the fact 
that they precipitate or coagulate the enzyme-material. The coagula- 
tions were to some extent reversible at first, but long contact with the 
salt rendered them irreversible. 

Effect of Manganese Salts as Oxygen Carriers. Of all the salts studied 
manganous sulphate produced the greatest accelerating action with cas- 
tor and soy beans. In all probability this increased action is due to a 
large extent to the effect of the manganese as an ‘oxygen carrier’ in 
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converting inactive material present in the bean into active enzyme. 
For it was found that when an original castor-bean preparation has been 
made inactive by heating its solution, it can be partially reactivated by 
adding manganous salt and passing a stream of air through the solution. 
The active substance is also produced by placing a solution or sus- 
pension in contact with an anode and submitting it to a long-continued 
electrolysis. ‘These facts evidently support the explanation of the forma- 
tion of active enzyme from inactive material by oxidation; but hydroly- 
sis is perhaps also a factor. 

The cycle dead, living, dead, occurs here in perhaps one of its simplest 
manifestations, exemplified by the transpositions inactive material of the 
bean, active enzyme, inactive or ‘killed’ enzyme material. The possi- 
bility of such a regenerative action occurring in the growth and develop- 
ment of the castor bean led to testing the oil-free kernel for manganese. 
A definite test for it was obtained; and the amount present was esti- 
mated to be 0.0006% of the oil-free kernel, or 0.008%of its ash. 

Effect of Alcohols and Esters on the Rate of Hydrolysis Caused by Lipases. 
Methyl and ethyl alcohols were found to exert retarding effects on the 
rate of hydrolysis—effects which continuously increased with increasing 
concentration of the alcohols. Methyl alcohol retarded the hydrolyses 
somewhat more than did ethyl alcohol. Glycerin,on the other hand, had 
no effect even at a concentration of 25%. ‘The retardation was shown 
to be due to coagulation of the enzyme. 

Since the simple esters are similar in physical properties to the simple 
alcohols, it was thought probable that they would exert similar coagu- 
lating or inactivating actions on the active enzyme. Methyl acetate 
should then exert greater retarding action on the enzyme than ethyl 
acetate, while with glyceryl triacetate, the retardation might well be 
negligible. Similarly, esters containing the lower acid radicals, such as 
ethyl acetate, might be expected to exert retarding effects; while esters 
containing the higher radicals such as ethyl butyrate, might have consid- 
erably less effect. These hypotheses were tested, and were found to be 
confirmed. From these results the glycerides of the higher fatty acids 
which occur in nature would be expected to exert no inhibiting action 
on the lipase materials. 

These actions of the esters on the lipases serve to explain part of the 
selective actions of the lipases which have been described in the past. 
They make it evident that the action of the substrate (substance acted 
upon) on the enzyme must in all cases be taken into account when con- 
sidering reactions of enzymes. 
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In the case of the lipase material it was shown that a definite quantity 

of the enzyme can react with only a definite quantity of glyceryl triace- 
- tate in a given time. When the enzyme and ester are present in this 
ratio an increase in the amount either of ester or of lipase material does 
not increase the extent of the action. 

Preparation, Composition, and Activity of the Solid Lipase-Materials. 
Solid esterase preparations, active as a rule, were obtained by precipi- 
tating the filtered and dialyzed aqueous extracts with acetone. The 
dialyzed salt-extracts, which contained the lipase material in suspension, 
give an inactive preparation after filtration, washing of the precipitate, 
suspension of it in acetone, and standing in this solvent. On the other 
hand, on standing in water for about two weeks, the soluble esterase- 
preparation lost its activity, while the insoluble lipase-preparation re- 
tained its activity unchanged. 

The nitrogen-content of different preparations of esterase, referred to 
the ash-free and moisture-free substance, ranged from 15.4 to 16.3%, 
and the phosphorous-content ranged from 0.36 to 0.90%. The ash from 
these preparations amounted to 5%. Tests made upon them showed 
the presence of no carbohydrate, of much tryptophane, of much aro- 
matic-group compounds, and of a trace of tyrosine. The solid prepara- 
tions from the lipase material showed a more constant composition, giving 
an average nitrogen-content of 16.8%, referred to the ash-free and mois- 
ture-free substance, and an average phosphorus-content of 0.68%. The 
ash was 4.3%. The preparations gave a negative test for carbohydrates, 
a faintly positive one for tyrosine, a distinctly positive one for trypto- 
phane, and a strongly positive one for aromatic groups. The forms of 
combination of the nitrogen in the different preparations were found to 
be the same as those recorded in the literature for typical proteins from 
various sources, with minor differences in the relative amounts of the 
various amino acids present. About 25% of the nitrogen was present 
in the form of arginine, a characteristic of seed proteins. Similar results 
were found with the soy-bean preparations. 

These analyses, taken in connection with the method of preparation 
which removed all fatty (ether-soluble) substances, show that both es- 
terase and lipase preparations are essentially protein in character. The 
esterase preparation may be considered to be an albumin, the lipase 
preparation to be a globulin. 

The inactivation of these preparations by water, by salt solutions, or 
by acetone may be compared with the inactivation of the original castor 
and soy-bean preparations by heat. The loss in weight of these prepa- 
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rations in a vacuum desiccator over phosphorus pentoxide was not ac- 
companied by loss in activity; but the same loss in weight by heating at 
100-110° was accompanied by a loss in activity of from 50-80%. By 
drying first and then heating, which caused only a 0.1-0.2% greater loss 
in weight, the same loss in activity was produced. The loss of activity 
of the esterase-preparation caused by salts is due to coagulation or pre- 
cipitation; that of the lipase-preparation caused by treatment with ace- 
tone is apparently due to dehydration. Hydrolysis of the enzyme may 
also play a part under some conditions. 

Relation between the Hydrolytic Effects of Lipases and Those of Proteins 
and Amino-Acids. The hydrolytic actions of lipases are intimately con- 
nected with protein material. If these actions are due to proteins, it is 
probable that only part of the complex protein molecule is directly re- 
sponsible for them. This possibility was studied by measuring the effects 
of some aminoacids and peptides in causing the hydrolysis of a number 
of esters. Some of the results, obtained in part by Dr. M. L. Hamlin, 
are as follows: Glycine, glutamic acid, and aspartic acid exerted hy- 
drolytic actions on methyl acetate, ethyl acetate, glyceryl triacetate, 
phenyl acetate, ethyl butyrate, ethyl benzoate, and phenyl benzoate. 
If these esters be arranged in the order of decreasing amounts of 
hydrolysis, the order is different in the three cases where the action 
is caused by water, by glycine alone, and by glutamic or aspartic acids. 
A comparison of the hydrolytic actions of glycine, alanine, and phenyl- 
alanine on the seven esters also indicated certain selective actions. The 
hydrolysis of methyl acetate and ethyl butyrate by solutions of glycine 
and acetic acid is less than that by corresponding solutions of acetic 
acid alone. The hydrolysis of these esters by glycine-hydrochloric acid 
mixtures was not even approximately proportional to the hydrogen-ion 
concentrations of the solutions. The dipeptides exerted a compara- 
tively greater action on ethyl butyrate than on methyl acetate, while 
the dibasic aminoacids showed the reverse actions. 

The fact that the different esters are hydrolyzed by aminoacids and 
peptides is not in itself surprising. In its bearing on the enzyme work 
its interest lies especially in the selective or specific character of some of 
the actions, which are apparently independent of the hydrogen-ion con- 
centrations, but dependent upon the structure of the aminoacid or pep- 
tide. These effects were, to be sure, small, and the specific character 
of them was not very pronounced; but the possibility of reproducing such 
selective actions even in a small degree with simple groupings which 
themselves may occur in proteins, supports the view that more complex 
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groupings may produce the greater hydrolytic and highly specific actions 
observed with the natural lipases. That the simple linking together of 
animoacids in peptide-union is not sufficient to account for the actions 
is shown by the fact that peptides exert, if anything, a smaller hydro- 
lytic action than the simple aminoacids. 

Conclusion as to the Specific Character of Lipolytic Action. From the 
investigations briefly summarized in this paper it appears that the spe- 
cific character of the hydrolytic actions produced by lipases is mainly 
due to two effects; first, the effect of the substrate on the enzyme in caus- 
ing its coagulation or precipitation, and second, the effect of the enzyme 
on the substrate arising from the presence in the former of special group- 
ings which may be similar to those contained in simpler nitrogenous sub- 
stances which also bring about the hydrolysis of esters. 


THE HYDRATION OF THE IONS OF CESIUM CHLORIDE DE- 
RIVED FROM TRANSFERENCE EXPERIMENTS 
IN THE PRESENCE OF RAFFINOSE 


By Edward W. Washburn and Earl B. Millard 


LABORATORY OF PHYSICAL CHEMISTRY, UNIVERSITY OF ILLINOIS 
Presented to the Academy, January 18, 1915 


The hydration of ions has attracted the attention of chemists for a 
number of years, and a large amount of evidence has been accumulated 
to show that ions are hydrated to a greater or less extent. One of the 
strongest pieces of evidence in favor of this view has been obtained by 
transference experiments in the presence of a non-electrolyte. If at the 
end of such an experiment the ratio'of water to non-electrolyte has 
changed in the solutions around the electrodes, either the ions have car- 
ried water from one electrode-portion into the other, or they have car- 
ried the non-electrolyte in the opposite direction. 

In a previous investigation by E. W. Washburn! the relative ionic 
hydrations of the chlorides of lithium, sodium, and potassium in 1.2 
molal aqueous solution at 25° were derived by means of transference 
experiments in the presence of a suitable non-electrolyte as a reference 
substance. The object of the present investigation was to extend these 
data so as to include cesium chloride, which seemed desirable since there 
was much reason to believe that the cesium ion is the least hydrated of 
all the alkali ions. 

The method employed consisted essentially in passing at 25° a meas- 
ured quantity of electricity through a solution of cesium chloride con- 
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taining enough raffinose to produce the desired rotation placed between 
a silver anode and a cathode consisting of silver covered with solid silver 
chloride. The apparatus was constructed so as to allow the separation 
of the portions around the electrodes from one another and from three 
middle portions. After the electrolysis the separate portions were care- 
fully analyzed; the salt being determined by precipitation with silver 
nitrate, the raffinose polarimetrically, and the water by difference. The 
changes in content of the portions were computed on the assumption 
that the raffinose remained stationary during the passage of the cur- 
rent. Inasmuch as solutions containing 10% of raffinose have been pre- 
pared which had a specific conductance of 2 x 10-* mhos (without ‘cor- 
recting’ for the conductance of the water), it is clear that the raffinose 
cannot conduct electricity appreciably either as an electrolyte or as a 
colloid. 

The apparatus and experimental procedure were essentially the same 
as those employed in the previous work; but the concentration of the 
reference substance (raffinose) was reduced from 0.1 to 0.07 formula- 
weight per 1000 grams of water. This reduction in the concentration 
of the reference substance, while theoretically desirable, would tend to 
decrease considerably the accuracy in the measurement of the water 
transference, especially where, as in the case of cesium chloride, this 
transference is very small. This loss of accuracy was, however, com- 
pensated by employing a more sensitive polarimeter with a layer of 
solution one meter in length and substituting the E line (from a quartz 
mercury-vapor lamp) in place of the D line (from a sodium flame) pre- 
viously employed. Without this great refinement in the polarimetric 
measurements the water transference in the case of cesium chloride 
could hardly have been detected, much less measured. The actual ro- 
tation measured in the polarimeter was about 50° and was reproducible 
to about 0.004°. 

A practice run using sodium chloride as the electrolyte confirmed the 
previous work with this salt; thus this run gave 0.82 mols of water and 
0.623 equivalents of chloride-ion transferred per faraday, as against 0.81 
and 0.617 obtained in the previous work. 

Two runs were made with 1.1 molal cesium chloride solutions. One 
of the runs was completely successful; but only the results obtained from 
the cathode portion of the second run were reliable. The number of 
mols of water transferred from anode to cathode per faraday were in 
the first'‘run 0.33 and 0.39, and in the second run 0.28, giving a mean 
result of 0.33 mols per faraday. The values obtained for the number 
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of equivalents of the anion transferred per faraday were similarly 0.506, 
0.511, and 0.510. 

The experimental data are presented in Table 1. The data given for 
the middle portion are also those for the original solution. 


4 



































TABLE 1 
First Experiment 

ANODE ANODE MIDDLE CATHODE CATHODE 

PORTION MIDDLE PORTION MIDDLE PORTION 
ee eer rer 48.671 | 48.228 | 48.131 | 48.116 | 47.452 
I LG crn wines oon ev ed 1.1105 | 1.1357 | 1.1357 | 1.1357] 1.1642 
ee re 3.0320 2.9319 | 2.9310 | 2.8197 
i ois oo inna wie 006-0 68 12.077 | 14.772 | 14.770 | 14.750 | 17.713 
Silver in coulometers................. 5.5048 5.5044 
Weight of electrode portion........... 132.58 119.77 
Grams H,0O transferred............... 0.30 0.36 
Grams CsCl transferred.............. 4.243 | 4.198 
Faradays of electricity............... 0.05103) 0.05102 
Cation transference-number.......... 0.494 0.489 
Mols HO transferred per mol CsCl....} 0.64 0.80 
Mols H,O transferred per faraday..... 0.33 (Mean) 0.36) 0.39 

Second Experiment 

a arn: 55.865 | 55.137 | 55.137 | 55.127 | 54.421 
Nc sek cw ahacdin 1.1152 | 1.1409} 1.1409) 1.1409; 1.1689 
PP GPE PIONS... cece cei cates 3.4653 | 3.3433 | 3.3433 | 3.3428} 3.2208 
8 i a eae aa reer 12.383 | 15.152 | 15.160 | 15.161 | 18.062 
Silver in coulometers................. 5.4787 5.4787 
Weight of electrode-portion........... “ 121.12 
Grams HO transferred............... 0.25 
Grams CsCl transferred.............. 4.190 
Faradays of electricity............... 0.05078) 0.05078 
Cation-transference-number........... 0.490 
Mols H,0 transferred per mol CsCl... . 0.56 
Mols H,O transferred per faraday..... 0.28 











* The anode residues were scorched in drying in this experiment, thus rendering uncer- 
tain the weight of the electrode portion. 


The fact established by these experiments, independent of any hy- 
pothesis, is that the electrolysis of a solution of cesium chloride contain- 
ing also raffinose at a low concentration is attended by a decrease in 
the ratio of the quantity of water to that of raffinose at the anode and a 
corresponding increase at the cathode. If now the probable assumption 
be made that the raffinose is not transferred by the current, the further 
conclusion is reached that there is a net transfer of water to the cathode, 
indicating that the cesium-ion is hydrated, and hydrated to a greater 
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extent than is the chloride-ion. Moreover, a quantitative relation be- 
tween the number of mols of water NW“ on the cesium ion and the num- 
ber V a on the chloride ion can be derived from these results, as follows: 


NG = 0.67 + 1.03. 


For the purpose of comparison the corresponding relations previously 
obtained for the three other alkali chlorides! and for hydrochloric acid? 
at 25° at about 1.2 molal are here brought together with those for cesium 
chloride. The N,’s indicate the average number of water molecules 
carried by the ion indicated by the superscript as it moves through the 
solution. The values given are the means of the two results obtained - 
at the two electrodes independently. The deviation of this mean from 
the two individual values is indicated in each instance by the term pre- 
ceded by the + sign. 


NE = 0.2620:084-0.105 NO. «000. (1) 
Ne wOSieGt +108 Be: ook (2) 
WE me 3S 402-6208 BES cknccsccss (3) 
Niu 20 409 4361 NO...:... 5.008 (4) 
WS i 07 BOM DIO MS oie ksiveccnss (5) 


From equations (2) and (3) we get the relation NE-—NS = 0.65, 
which shows that the cesium ion carries on the average 0.65 less molecules 
of water than the potassium ion and is therefore the least hydrated of 
the alkali ions. 

From equations (1) to (5) it follows, if we assume that the chloride . 
ion is unhydrated, that the numbers of mols of water carried by the - 
other ions are: 


Ht, 0.3; Cst, 0.7; K+, 1.3; Nat, 2.0; Lit, 4.7. 


If we assume that the chloride-ion contains 4 mols of water, then the 
numbers contained in the other ions are: 


H+, 1.0; Cst, 4.7; K+, 5.4; Nat, 8.4; Lit, 14. 


Some experiments were also made with potassium nitrate; and, al- 
though the results were not quantitative, it was definitely shown that. | 
the water moved from the anode to the cathode in the case of this salt 
also. ; 

All of the results given above are based upon the assumption that the . 
raffinose remains stationary during the passage of the current. There 
is thus far no evidence indicating that this assumption is invalid to an 
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extent which would appreciably affect the results. With the polarimetric 
apparatus at present at our disposal it will be possible to work with con- 
siderably smaller salt concentrations and to reduce the concentration 
of the reference substance as low as 0.01 molal in the case of lithium 
chloride solutions. By substituting trehalose for raffinose it will prob- 
ably even be possible to use a considerably lower concentration than 
this and thus to remove all doubt as to the validity of the assumption 
in question. Work along these lines will be continued in this laboratory. 

A more complete description of the research described in this paper 
will soon appear in the Journal of the American Chemical Society. A 
detailed description of it has already been printed as part of a doctor’s 
thesis submitted by Earl B. Millard to the Graduate School of the 
University of Illinois. 


1 Washburn, J. Amer. Chem. Soc., 31, 322 (1909). 
* Buckbick, Zs. physik. Chem., 55, 563 (1906). 


THE ORIGIN OF CORAL REEFS 


By W. M. Davis 


DEPARTMENT OF GEOLOGY AND GEOGRAPHY, HARVARD UNIVERSITY 
Presented to the Academy, January 7, 1915 


A Journey across the Pacific. A liberal grant from the Shaler Me- 
morial Fund of Harvard University, supplemented by a subsidy from the 
British Association for the Advancement of Science, whose meeting 
in Australia during August I was invited to attend as a foreign guest, 
enabled me to spend the greater part of the year 1914 in visiting a 
number of islands in the Pacific Ocean with the object of testing the 
various theories that have been invented to account for coral reefs. 
Thirty-five islands, namely, Oahu in Hawaii, eighteen of the Fiji group, 
New Caledonia of which the entire coast line was traced, the three 
Loyalty islands, five of the New Hebrides, Rarotonga in the Cook group, 
and six of the Society islands, as well as a long stretch of the Queensland 
coast inside of the Great Barrier reef of northeastern Australia, were 
examined in greater or less detail. Darwin’s theory of subsidence is, 
in my opinion, the only theory competent to account for the coral reefs 
there seen; thus my work leads to the same conclusion as that reached 
by several other recent students of this old problem. A full discussion 
of my observations will be published later, probably in the Bulletin of 
the Museum of Comparative Zoology at Harvard College. A brief 
statement of the chief results gained here follows. 
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Theories of Coral Reefs. Before setting out on the voyage I reviewed 
the various theories of coral reefs in an essay that was published during 
my absence under the title of ‘“The Home Study of Coral Reefs” in the 
Bulletin of the American Geographical Society for 1914. Every one of 
the several theories is successful in explaining the visible features of 
the reefs themselves, provided the postulated conditions and the invis- 
ible processes of the past are accepted. Evidently then a study of 
the reefs alone will not suffice to discover which theory really provides 
a correct mental counterpart of their past and unobservable history. 
Hence appeal must be made from the non-committal reefs to competent 
witnesses of some other kind, which were present while the reefs were 
forming and which are willing to testify about the events which then 
took place. 

Evidence derived from Barrier Reefs. In searching for such witnesses 
it should be borne in mind, first, that as far as fringing reefs A, A, A, 

















figure 1, are concerned, their origin is hardly in debate; they are grow- 
ing colonies of corals, initiated by the arrival from elsewhere of pas- 
sively floating larvae, which establish themselves in shallow water close 
to a newly offered and suitable shoreline; second, that as far as atolls 
—or reef-rings enclosing shallow lagoons without central islands—are 
concerned, they are, unless penetrated by numerous and expensive 
borings, inscrutable, for they stand alone and bury their past; third, 
that as far as elevated reefs are concerned, their inner structure and 
their relation to the foundation on which they were formed would give 
important evidence regarding their origin, and should therefore be 
investigated; and fourth, that it is in connection with barrier reefs, 
B, B, B, figure 1, that, the desired witnesses to the facts of the past 
can be most readily found; for the central volcanic island, rising from the 
lagoon within a barrier reef, was surely there while the reef was form- 
ing around it; and the features of the island shoreline will, as Darwin 
long ago pointed out for still-standing islands and as Dana a few years 
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later pointed out for subsiding islands, afford critical evidence regard- 
ing the:changes which the island suffered contemporaneously with the 
formation of the encircling reef. These considerations may make it 
clear why my work has been almost wholly confined to the central 
islands of barrier reefs, though several examples of uplifted reefs were 
not neglected. 

Coral Reefs around Still-standing Islands. The various theories of 
coral reefs may be divided into two groups. Those of the first group, 
some six or seven in number, postulate a fixed relation between land 
and sea level during the development of the reefs; these will be called 
the still-stand theories. The two theories of the second group postu- 
late a change in the relative level of land and sea during the development 
of the reefs. As far as the barrier reefs that I have visited are concerned . 
all the theoriesof thefirst group must be rejected, because within every one 
of these barrier reefs the embayments or drowned valleys, C, C, C, figure 
1, by which the shoreline of the central volcanic island is indented, give 
through Dana’s principle of shoreline development indisputable evidence 
of recent submergence. I believe that the same conclusion applies to all 
barrier reefs, first for the reason that those which I visited were not 
selected because they were thought to be in any way unlike other mem- 
bers of their kind, but because they were easily accessible; and second 
because all the charts of other barrier reefs that I have examined show 
that their central islands also have embayed shorelines. For none of 
these islands can any one of the still-stand theories hold good. 

Coral Reefs and the Glacial Period. It remains to inquire which 
one of the two theories that postulate a change in the relative level of 
land and sea best accounts for the facts of barrier reefs and their asso- 
ciated central islands. One of these is Darwin’s simple theory of a 
slowly subsiding ocean bottom, as a result of which the islands gradu- 
ally sink, diminish in size, and eventually disappear, while their fring- 
ing reefs grow upwards and are converted into barrier reefs and atolls. 
The other is the more complicated “glacial control theory’ lately 
elaborated by Daly with especial reference to atolls. It begins by as- 
suming still-standing foundations, above and around which out-grow- 
ing reefs of less or greater size, with shallow lagoons or none, were de- 
veloped in preglacial times; a lowering of sea level is then inferred 
during the glacial period, when a significant amount of sea-water was 
withdrawn to form the continental ice sheets, and when in consequence 
of lowered ocean temperature the corals of most reefs were killed; 
next follows an abrasion of the unprotected preglacial reefs so as to 
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reduce them to flat platforms a little below the lowered sea level; and 
finally, when a rising temperature melts the continental ice-sheets and 
the sea surface is raised and warmed, and the corals are permitted to grow 
again, reefs are built up to the present sea level around the margin 
of the abraded platforms, producing barrier reefs or atolls as the case 
may be, around the lagoon that covers the abraded platform. The 
embayments of the central island within a barrier reef are explained 
as drowned valleys that were eroded while the sea level was lowered. 

After careful consideration I have had to discard this theory, except 
insofar as it may have produced small results that are altogether sub- 
ordinate to the larger effects of some more efficient cause. My reasons 
are in brief that, if the lagoons of large atolls have been abraded across 
their whole diameter of 20 or 30 miles, the central volcanic islands within 
narrow-lagoon barrier reefs should have been strongly cliffed by the 
lowered sea all around their shores, and their lagoon waters should 
now rise on the cliffed spur ends; but this is not the case; the spurs gen- 
erally dip gently into the lagoon with small cliffs or none: Further, 
if the embayments of the central islands within barrier reefs occupy 
new-cut valleys that were eroded during the lowered sea-stand of the 
glacial period, the up-stream parts of such new valleys should be visible 
beyond their embayed parts, and should there appear as incisions be- 
neath the floors of preglacial valleys, producing a valley-in-valley land- 
scape; but in the hundreds of embayments that I saw, no such composite 
valleys occurred. Finally, it is doubtful if the lowering of sea tem- 
perature generally sufficed to kill the corals and expose the reef flanks 
unprotected from sea attack; for on the atolls of the Paumotus Agassiz 
found many instances of slightly uplifted reef limestones, which he 
regarded as ‘Tertiary,’ and hence as preglacial, on the inner border of 
the present encircling reefs; and in such cases the lagoon floors could 
not be the result of marine abrasion in glacial time. 

Submergence and Subsidence. It might now appear as if no other 
cause than subsidence, as postulated in Darwin’s theory and appar- 
ently confirmed by Dana’s explanation of embayed shorelines, re- 
mained available; yet all the observable facts of the case may be fully 
as well explained by a rise of the sea surface, caused by an upheaval 
of the sea-bottom elsewhere, as by a sinking of the islands and of the 
sea-bottom on which they stand; but a deliberate discussion of this 
alternative shows it to be highly improbable because it demands extrav- 
agant crustal deformation and because it involves all the coasts of all 
the continents as well as the coral-reef islands. If it be set aside, only 
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Darwin’s theory remains, the simple sufficiency of which stands forth 
all the more clearly in contrast with the failing inefficiency of its 
competitors. 

The Problem of Atolls. The conversion of barrier reefs into atolls by 
a continuation of the process that has converted fringing reefs into 
barrier reefs is a highly probable matter; for it would be unreason- 
able to suppose that this process, whatever it is, should always have 
stopped before the central islands of barrier reefs were wholly sub- 
merged, and should never have worked in neighboring areas where 
reefs of identical form, but without a central island, are given another 
name. And as the converting process has, with so high a degree of 
probability, been shown to be subsidence of the ocean bottom in the 
region concerned, and not change of ocean level during the glacial period 
or uplift of the ocean bottom in some other region, it appears reason- 
able to explain atolls as well as barrier reefs by subsidence. This 
conclusion becomes all the mure reasonable when the intimate asso- 
ciation of barrier reefs and atolls in the Fiji and Society groups and 
elsewhere is noted. Nevertheless the problem of atolls cannot be now 
regarded as absolutely solved, nor can it be absolutely solved until 
we make addition to our knowledge now undreamed of. 

Reefs and Reef-Platforms. A modification of Darwin’s theory has 
lately been proposed by Vaughan, who regards recent submergence, 
proved by the embayments of the central islands, as the determining 
cause for the up-growth of existing barrier reefs, but who interprets 
the deeper and larger part of the entire reef-mass as an independent 
“‘platform”’ of earlier origin. As this investigator has not yet published 
his views regarding the origin of the: reef-platforms, his modification 
of Darwin’s theory will not be here discussed farther than to note that 
it seems inapplicable to many barrier reefs in the Fiji and Society groups; 
that the discontinuity of certain barrier reefs seems to be explicable 
on the assumption of imperfect up-growth during and after a recent 
and rapid subsidence, as well as on the assumption of independent 
origins for the reefs and their platforms; and that, while the extension 
of reef-platforms outside of the coral zone, as in the case of the Great 
Barrier reef of Australia, truly suggests a dual origin of reef-masses, 
this does not exclude the contemporaneous growth of platform and 
reef within the coral zone during long-continued but irregular or in- 
termittent subsidence. 

Summary of Resulis. The general result of my voyage, already an- 
nounced above, as well as several special results, may here be concisely 
stated: 








GEOLOGY: W. M. DAVIS 151 


Darwin’s original theory of subsidence gives by far the most satis- 
factory explanation of all the barrier reefs that I have visited in the 
Pacific or studied on large-scale charts; and as atolls often occur in 
association with barrier reefs, the theory of subsidence appears to give 
the best explanation of such atolls also. Atolls that are not associated 
with barrier reefs may be of some other origin, but this does not seem 
probable. 

The elevated reef along the south coast of Oahu, Hawaii, was formed 
during or after a sub-recent period of subsidence, for its limestones 
enter well-defined valleys of erosion. 

The Fiji group has suffered various movements of subsidence and 
uplift by which its many islands were affected in unlike ways. Uplift 
has taken place at different times, for some of the elevated reefs are 
elaborately dissected, others are very little dissected, and still others 
remain at sea level. The uplifted reefs seem to rest unconformably 
on subaerially eroded volcanic centers, hence the centers must have been 
above sea level to suffer erosion; they must have been depressed to 
receive the unconformable reef deposits; and the compound mass must 
then have been elevated to lay bare the reef. In one island (Vanua 
Mbalavu) the uplifted reef has been maturely dissected and partly 
submerged, as indicated by its embayed border, and a new barrier reef 
has grown up outside of it. Thus all the Fiji reefs, those now elevated 
as well as those at sea level, appear to have been formed during periods 
of subsidence. 

The extensive barrier reef of New Caledonia has grown up during a 
recent subsidence by which that long and maturely dissected island 
has been much reduced in size and elaborately embayed; but unlike 
most encircled islands this one was strongly cliffed around its south- 
eastern end and along much of its northeastern side before the recent 
subsidence took place. 

The two southeastern members, Maré and Lifu, of the Loyalty 
group, are former atolls, evenly uplifted 200 or 300 feet; Maré has a small 
knob of volcanic rock in its centre. Uvea, the northwestern of the 
three Loyalty islands, is a slightly tilted atoll. 

The New Hebrides show signs of uplifts in their elevated reefs, and of 
depressions in their embayments. There is some evidence that cer- 
tain uplifted fringing reefs on the island of Efate, near the center of the 
group, were formed during pauses in a subsidence that preceded their 
uplift, and not during pauses in their uplift as inferred by Mawson. 
Espiritu Santo, in the northwest, has several large embayments inter- 
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rupting its fringing reefs; this is taken to mean that earlier fringing 
reefs were drowned by rapid submergence, so that they did not grow 
up in off-shore barrier reefs. 

The Great Barrier reef of Australia, the largest reef in the world, 
with a length of some 1200 miles and a lagoon from.15 to 70 or more 
miles wide, has grown upward during the recent subsidence by which 
the Queensland coast has been elaborately embayed, as was pointed 
out by Andrews in 1902. . 

Five islands of the Society group exhibit unequivocal signs of recent 
submergence in their intricately embayed shore lines, as has lately been 
shown by Marshall; the cliff-rimmed island of Tahiti, the largest and 
youngest of the group, has suffered moderate submergence after its cliffs 
were cut, but its bays are now nearly all filled with delta plains; hence a 
pause or still-stand has followed its latest submergence. All the barrier 
reefs of this group appear to have been formed during the recent sub- 
mergence, due to regional subsidence, that embayed their central islands. 


A METHOD OF PROPHESYING THE LIFE DURATION OF SEEDS 


By William Crocker and J. F. Groves 


DEPARTMENT OF BOTANY, UNIVERSITY OF CHICAGO 
Presented to the Academy, January 15, 1915 


Seeds that will withstand drying in the air without injury retain 
their viability under herbarium conditions from one to one hundred and 
fifty years. Seeds that will not withstand drying in the air generally 
have a longevity of only a few months. Ewart! has suggested that seeds 
retaining their viability for three years or less be called microbiotic; 
for three to fifteen years, mesobiotic; and for more than fifteen years, 
macrobiotic. The cause of the loss of viability with storage has. been 
a subject of considerable study. Two explanations have been offered: 
exhaustion of stored foods and degeneration of digestive and oxidizing 
enzymes. Both of these explanations have proved incorrect for both 
foods and enzymes are present in almost full force for some years after 
viability is lost. Certain facts have led us to surmise that the gradual 
loss of viability with storage is due to a slow coagulation of the pro- 
teins in the plasma of the embryo. The fall of longevity with rise of 
temperature and of moisture content of the seed indicate this. 

Certain known facts concerning proteins make the experimental 
investigation of this hypothesis possible. Chick and Martin? have 
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shown that the coagulation temperature of proteins is not a fixed point 
as is the melting point of metals and other substances. Coagulation is 
a function of duration of heating, percentage of water present, and the 
reaction of the protein as well as of the temperature. The lower the 
water content the more heating is required for coagulation. Acidity 
favors and alkalinity retards coagulation by heat. Buglia* established 
the following time-temperature formula for the coagulation of pro- 
teins: T = a — b log Z, in which T = temperature in degrees Centi- 
grade, Z = time in minutes, and a and 0d are constants. 

If our surmise is correct that the loss of viability of seeds with storage 
is a matter of coagulation of cell proteins of the embryo, this time- 


TABLE I 


Record Sheet No. 21. Turkish Red Wheat 
April 10, 1914. Temperature 87.5°C. Moisture 12%. Percent germinated in heavy figures. 
Percent partially germinated in light figures 
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temperature formula for the coagulation of proteins should be appli- 
cable as a temperature-life duration formula for seeds. In experiment, 
of course, the life duration determined must be at relatively high tem- 
peratures in order to make the time within the range of an experiment. 
This calls for temperatures ranging from 50-100°C. for air dry seeds. 
So far we have used the method of reflux of ethyl or methyl alcohol 
or mixtures of these with water as a means of obtaining constant tem- 
peratures. This gives a range of temperature from about 65—99°C. 
and a variation at any temperature of less than +0.1°C. Delayed 
germination and lack of resistance of heated seeds to fungal attack 
made sterilization imperative. Silver nitrate to an aqueous solution 
of which the coats of various seeds are impervious proved an effective 
sterilizing agent. 
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Table I shows the data gained from a single experiment. Three 
things stand out prominently as results of heating: delay in germina- 
tion, fall in germination percentage, and appearance of abnormal ger- 
mination. The abnormal germination (root without stem or stem with- 
out root) are shown in light type. All these characters appear ih seeds 
stored for a long time at room temperatures, indicating the likeness of 
the change whether it takes place at a high temperature in a short 
time or at a low temperature acting for a long time. In Table II are 
shown the life durations at various temperatures as found by experi- 
ment and the calculated temperatures for the various life durations. 
We have supplied for another variety of wheat one record of longevity 
by White‘ in which the time was definitely known as eight years and the 
moisture estimated at 12 percent and the temperature at 20°C. In 
all these failure of 75 percent to germinate after nineteen days is chosen 
as the end point. The calculated temperatures of the table were found 
by solving for the constants a and b by the method of least squares 


TABLE II 


Germination Record Turkish Red Wheat 
Theoretical temperature calculated by formula 7’ = a —b log Z 
T = Temp Celsius, Z = Time of Heating, a = 98.88 b = 11.78 
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10 | 15 | 18 | 45 
87.5 | 84.4 | 84.4 | 78.9 
87.1. 85.0 | | 84.1 | 79.4 


so | so | 120 | 31s are yrs. 
79.1 | 78.5 | 75.8 09.3 | 20° 
78.9 | 78.9 | 74.4 | 69.5 | 20.9 














from the found values of T and Z, and from these calculating T for the 
various values of Z. 

The rather close agreement between calculated and found values 
indicate that the time-temperature formula for the coagulation of 
proteins can be applied as a temperature-life duration formula for 
seeds, at least under the condition of these experiments. Much more 
work is needed to establish the general application of this principle. 
Several more life durations should be determined for wheat as a meso- 
biotic seed. The life duration with 12 percent moisture should be run 
at several temperatures ranging from 50-70°C. A large number of 
determinations should also be made with some moisture content between 
16-20%. Such seeds will show much shorter life durations. Deter- 
minations should also be run for 2-3% moisture which will give greater 
life durations. Similar determinations should be made for a macrobiotic 
seed, such as sweet clover for which we have reliable records of longevity, 
as well as a microbiotic form. There are several matters that may limit 
the application of this formula: 
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1. Increase of the acidity of the seed will hasten coagulation of the 
cell proteins. Such a change is known to occur in seeds of certain Rosa- 
ceae, at least if stored in the imbibed condition. 

2. Lepeschkin® found that in active plant cells a redispersal of cell 
proteins is going on coincidently with coagulation. As a consequence 
at high temperatures where the coagulation was rapid the found and 
calculated life durations agreed closely; while at lower temperatures 
where redispersal is prominent the calculated life durations were much 
shorter than the found values. In the low water content of air dry seeds 
it is possible that the redispersal of proteins is of little significance. 
This may limit the method to seeds of relatively low water content. 

3. A slight error in a and 6 will give a relatively large error for a life 
duration at low temperatures such as 0° C. At higher temperatures the 
error becomes less. In the data above calculated temperature for a 
life duration of eight years varies little whether a and 6 are calculated 
by including White’s data at 20° C. or merely from the determinations 
above 70° C. , 

4. The lower the water content of seeds the more heating they will 
withstand and the greater the longevity at moderate and low tempera- 
tures. This law has its limits, for excessive drying is itself injurious. 
In seeds that will endure dessication injury sets in with a reduction of 
the water much below two per cent, while in forms like Drosera it appears 
before air-dry condition is reached. Our method is, of course limited 
to degrees of dessication less marked than those producing injury. 

5. Undoubtedly longevity under like conditions will vary with differ- 
ent varieties of the same species and even with different crops of the 
same variety; but the general conditions found for a given crop will prob- 
ably apply to other crops of the same variety and to other varieties of 
that species. How far the five points mentioned above will limit the 
application of this method can only be determined by such experiments 
as those outlined above. 

The work shows possibilities of throwing light on the nature of the 
process of loss of viability in seeds and of leading to a quantitative 
statement of the significance of various storage conditions (especially 
moisture content and temperature) upon the longevity of seeds. 


1 Ewart, Proc. Roy. Soc. Victoria, 2, 1-210 (1908). 

2 Chick and Martin, Amer. J. Physiol., 40, 404 (1910); 43, 1 (1911). 
3 Buglia, Zischr. Chem. Indust. Kolloide, 5, 291 (1909). 

4 White, Proc. Roy. Soc. London, 81 B, 417 (1909). 

5 Lepeschkin, Ber. Dtsch. Bot. Gesells., 30, 703-714 (1913). 
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THE FERTILIZING POWER OF SPERM DILUTIONS OF ARBACIA 


By Frank R. Lillie 


DEPARTMENT OF ZOOLOGY, UNIVERSITY OF CHICAGO 
Read before the Academy, December 9, 1914. Received January 15, 1915. 


4 


My previous studies of fertilization led to the conclusion that initia- 
tion of development depends upon activation of a substance produced 
by the egg and located in its cortex. This substance, for which I pro- 
pounded the name fertilizin, possesses two side-chains involved in fer- 
tilization, one of which unites with receptors borne by the spermatozoon, 
the other with the receptors borne by the egg. The latter is the fertili- 
zation reaction proper; it was postulated that any agent that may acti- 
vate the fertilizin, as do the sperm receptors, so as to cause its ovophile 
side-chain to combine with the egg-receptors may act as a partheno- 
genetic agent. Fertilization and parthenogenesis are thus brought under 
one point of view with reference to initiation of development. 

Certain data concerning the fertilizin of Arbacia, such as time of ori- 
gin, its location in the egg, its disappearance after fertilization, etc., are 
known owing to its property of agglutinating spermatozoa of the same 
species, which serves as indicator. Some of its chemical and physical 
properties have also been studied to a certain extent. But up to the 
present the very existence of the so-called sperm receptors has remained 
hypothetical. On any theory of fertilization it is necessary to postulate 
the existence of a spermatic substance that induces development of the 
egg. But in spite of a considerable number of investigations, the exist- 
‘ ence of such a substance still remains an hypothesis. The present con- 
tribution presents demonstrative evidence, though of a negative sort, 
concerning this substance. ~ 

The phenomena, on which I rely for my conclusion, concern the fer- 
tilizing power of sperm suspensions of graded dilutions. On the basis 
of the usual supposition that a single active spermatozoon may fertilize 
an egg of its own species, all of the eggs should be fertilized in a series of 
sperm suspensions of increasing dilutions up to the place in the series 
in which each egg receives only a single spermatozoon. Beyond this the 
percentage of eggs fertilized should fall off at a certain rate to a vanishing 
point. 

An approximate realization of this may be obtained if the interval 
between preparation of the more dilute sperm suspensions and their use 
in fertilization be made as short as possible. This may be done by the 
addition of eggs to measured quantities of sea-water, followed by the 
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addition of a sufficient quantity of an accurately determined sperm 
suspension stirred in quickly to reach the desired dilution. The final 
dilution is then made in the presence of eggs, and the age of the final 
dilution is therefore practically zero with reference to the fertilization 
reaction. 

Under these conditions 100% of the eggs may fertilize up to a dilution 
of about 1/3000 of a 1% sperm suspension. The curve of fertilizing 
power of the sperm suspensions measured in terms of the percentage of 
eggs fertilized then falls off slowly to 1/24,000 of 1% sperm, then rapidly 
to about 1/300,000%, then slowly again to about 1/90,000,000% where, 
however, about 1% of fertilization may still take place. Accompanying 
observations showed that beyond a dilution of about 1/5000 of a 1% 
sperm suspension only a single spermatozoon can possibly be concerned 
in the fertilization of each egg. 

One obtains exceedingly contrasting results if a series of sperm dilu- 
tions in powers of 2 is made, beginning with 1%, by first transferring a 
certain amount of the 1% suspension to a second crystal of the series and 
adding an equal amount of sea-water, proceeding similarly from crystal 
2 to crystal 3, and so on down the series. In such a case one finds that 
fertilization runs out absolutely from about a 1/64 dilution of 1% sperm 
suspension to 1/1024% in different cases. No comment is needed to 
emphasize the contrast. 

As many as 20 to 40 active spermatozoa are found in association with 
each egg at 1/128%, which may be, however, absolutely ineffective. So 
that in an experiment running out in the seventh crystal of the series it 
would appear that a greater number of spermatozoa than this is required 
to fertilize an egg. 

These results suggest at first glance that the order of adding eggs and 
sperm to the sea-water may be of significarice. This is, however, not 
the case. The repeated handling of the sperm in successive half dilu- 
tions is also not the main cause for the result. Thus it would appear 
that the only real difference between the fertilizing power of the sperm 
in these cases is a time factor. In the first case the final dilution is made 
in the presence of the eggs; in the second case 20 to 30 minutes is con- 
sumed in the preparation of the sperm dilutions before the eggs are 
added. 

The time factor is the real explanation as will be shown immediately. 
But at first sight this did not seem a very reasonable explanation for the 
following reasons: In the first place the time involved has never been 
considered sufficient to reduce fertilizing power of sperm; and in the 
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second place the original 1% sperm suspension was shown in several ex- 
periments to be capable of fertilizing a high percentage of eggs at 1/30,000 
dilution or less, after a longer interval of time. If the sperm suspensions 
lose their fertilizing power with time, it must be that the significance of 
time in this respect varies inversely to concentration. 

This conclusion was abundantly verified by the following tests: A 
quantity of sperm suspension of a given concentration is prepared and 
divided in several equal amounts in a series of crystals; the same quan- 
tity of eggs is then added at time intervals to the crystals of the series, 
and the percentages of fertilization estimated by careful counts. Four- 
teen different grades of dilution between 1/300 and 1/240,000 of 1% 
sperm were thus measured. Loss of fertilizing power was shown in all 
of the suspensions thus tested in less than one hour; and in general the 
rate of loss increased with each successive dilution. The actual data 
are to be published elsewhere. Here we may summarize the results in 
the following table, showing the approximate time required A, for 66% 
loss of fertilizing power, B, for complete loss, at six different dilutions. 


Dilution of sperm 1/1290% Some Ha /eane% 1/30000% 1/60000°7 1/120000% 
. 66% loss 32 min. 7 min. 5 min. 3 min. 2-3 min. 1 min. 
B. 100% loss 64 min. 24 min. ? 20 min. 20? min. 7 min. 


Suspensions of higher concentrations, than those included in the table 
exhibited a much slower rate of loss, which was measured by another 
method, showing that from 1/4% down, loss occurs in increasing amount 
within a period of 100 minutes. 

Other possible factors than time influencing the fertilizing power of 
sperm suspensions are on the whole relatively slight in this series of ex- 
periments. There is a certain natural variation in different lots of ova 
and sperm, which is no doubt responsible for some irregularities in the 
data. Another factor is that of egg-concentration; but a series of de- 
terminations showed that the actual variations due to this cause, occur- 
ring in the experiments themselves, are not of significance. 

There are two modes of explanation of these results theoretically pos- 
sible, viz: First, that the loss of fertilizing power is due to loss of motility 
of the spermatozoa; in the first place this theory does not agree with 
the observation, that the spermatozoa lose their fertilizing power before 
they lose their motility; in the second place it renders the increase of 
rate of loss with dilution incomprehensible because on a priori grounds 
the exact opposite would be expected; in the third place as a result of 
several lines of work the theory that the fertilization reaction is primarily 
a function of motility of the spermatozoon has been given up; penetra- 
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tion of the ovum by the spermatozoon is due to the inception of the 
fertilization reaction, and not the reverse, as was previously assumed. 
We cannot therefore accept this theory. 

The second theory is that the spermatozoa lose their activating sub- 
stance, sperm receptors in my terminology, which agrees very well with 
the demonstrated ineffectiveness in spite of the observed persistent mo- 
tility. That the rate of loss should increase with dilution is to be ex- 
pected if we regard the loss of the sperm receptors as a diffusion phe- 
nomenon; and, if we regard it as an active process of secretion, we should 
expect such a result owing to general increase of functional activity under 
conditions which approach more nearly the normal. 

The second mode of explanation, which I have actually adopted, fits 
in with the necessary postulate that the spermatozoon bears such a sub- 
stance, and with the fact that the spermatozoon carries out the initial 
fertilization reaction while it is still intact and external to the ovum. 
The postulated activating substance of the spermatozoon must be lib- 
erated before penetration, and these experiments give us séme idea as 
to the manner of its liberation. 

Glaser (Biol. Bull. 26, 84-91; 1914) has recently maintained that 
more than one spermatozoon is necessary for fertilization of the same 
form which I have studied. His observations may also find their expla- 
nation under the same point of view, inasmuch as he was not aware of the 
significance of the time factor in inseminations with highly dilute sperm. 

We thus obtain the following additional point of view with reference 
to fertilization: the spermatozoon arriving at the egg while still intact 
liberates an activating substance which initiates the fertilization reac- 
tion; as one consequence among others of this reaction the spermatozoon 
is taken up by the egg, and completes the process of fertilization in its 
interior. This point of view is consistent, as far as it goes, with my own 
theory of the fertilization reaction; and it is also perfectly consistent 
with Loeb’s quite different point of view. 

My previous experiments had shown that eggs lose a certain substance 
in sea-water (fertilizin) which is necessary for their fertilization; fertilized 
eggs no longer produce this substance and are incapable of fertilization. 
Both eggs and spermatozoa, therefore, contain substances, more or less 
liable to loss, which are necessary for fertilization. The mechanism of 
fertilization cannot possibly, therefore, be regarded in the simple manner 
postulated by Loeb’s theory. The existence of parthenogenesis demon- 
strates the efficacy under given conditions of the egg-substance alone; 
we must therefore regard the spermatic substance essentially as an acti- 
vator of the fertilizin of the egg. 
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There remains of course the problem of identifying the free activator 
in the medium of the sperm suspension by its only known mode of opera- 
tion, that of fertilizing the ovum. This problem, over which several 
investigators have broken their weapons, appears in a somewhat differ- 
ent light as a result of these experiments; and new experiments Should 
therefore be undertaken. 


VARIATION IN BACTERIA 


By Edwin O. Jordan 


DEPARTMENT OF HYGIENE AND BACTERIOLOGY, UNIVERSITY OF CHICAGO 
Read before the Academy, December 9, 1914. Received January 15, 1915 


The bearing of slight physiological differences upon the classification 
of bacteria and upon the phenomena of infection has made the occurrence 
of variation among bacteria fully as conspicuous as in the higher forms 
of life. During the past ten years many observations have been re- 
corded upon the extent and nature of bacterial variability. In these 
studies some confusion has arisen through the difficulty of distinguishing 
true variations from the development of latent characteristics, and from 
environmental modification. 

By the term ‘latent characteristics’ is meant those qualities or prop- 
erties that are dormant in the organism or cell and are manifested only 
in response to definite external influences. Thus, certain bacteria form 
spores in the presence, but not in the absence, of oxygen; some bacteria 
are known that develop conspicuous capsules when growing in the ani- 
mal body, but lack these envelopes in part or altogether in artificial 
media; according to Wright, animal fluids seem to be essential for the 
production of the characteristic clubs of Actinomyces colonies. The 
sudden appearance in this way of a definite morphological character 
cannot be looked upon as an instance of variation. Such a manifesta- 
tion is merely an immediate response to changed conditions of life and 
is of exactly the same kind as the marked difference in the aquatic and 
terrestrial forms of Polygonum amphibium referred to by DeVries, or 
as shown in the transformation of the shrimp Artemia salina into what 
some writers consider another species, Artemia milhausenii, when the 
former is transferred to water of a greater degree of saltiness. In no 
sense is the awakening of such a dormant character to be confounded 
with true variation. In other words the power to produce certain struc- 
tures or certain physiological effects exists ready formed in the specific 
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bacterial cell and is evoked by proper stimuli. These latent qualities 
often play an important part in bacterial identification, and it is fre- 
quently impossible to recognize a given organism until it is brought into 
a particular environment and has given the appropriate response. Bac- 
teria are very sensitive to slight chemical differences in their surroundings 
and many alleged instances of variability in bacteria are simply differ- 
ences in response evoked by variations in the composition of culture 
media. Herein lies the justification for the attempts at standardiza- 
tion of culture media and the maintenance of exact uniformity in the 
conditions selected for bacterial growth. The true latent character ap- 
pears promptly and typically when the suitable conditions for its mani- 
festation are afforded, and not under other circumstances. I have in 
my laboratory a culture of a bacillus discovered by one of my students 
(M. Didlake, Centralbl. Bakt. II, 15, 193, 1905) that gives a brilliant red 
pigment in agar prepared from the soy bean, but fails to produce the 
pigment upon the ordinary meat broth peptone agar or upon any other 
medium tested. This is a clear case of a latent characteristic and is to 
be ranked with the fermentation of rare carbohydrates—as rhamnose 
by the paratyphoid bacillus—by microérganisms that in nature rarely 
if ever come in contact with the substances that they unhesitatingly 
attack. 

What are called environmental modifications are sometimes hardly to 
be distinguished fundamentally from the phenomenon just under con- 
sideration. In a sense these modifications depend upon the possession 
of an innate capability for response to a definite environment, and as 
such must be regarded as expressions of latent characteristics. 

Such modifications in the higher forms of life are typically the effects 
of use and disuse, of a more or less abundant food-supply or of climatic 
factors. One important difference between such modifications and the 
bursting into bloom of latent characteristics is that environmental in- 
fluences of the nature indicated tend to produce similar results in different 
organisms. Among bacteria in general, latent characteristicsare more sus- 
ceptible of demonstration than environmental modifications. It is often 
difficult in practice to distinguish genuine environmental modifications 
from adaptations due to selection, although the phenomena are totally 
distinct. If one-half of an alpine plant be set in a low altitude garden, 
the other half being left in its original habitat, differences will arise which 
may be reasonably ascribed to environmental modification. With bac- 
teria, experimentation of this sort is not so simple. The enormous num- 
ber of generations through which a given culture of bacteria can pass in 
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a short time may convey superficially the impression of an environmental 
modification similar to that observed in an individual organism trans- 
planted into different surroundings, when in reality there has been sim- 
ply elimination of unsuited variations and a selection of the variety 
adapted to the particular conditions. This is a serious obstacle-in the 
way of obtaining a proper appreciation of direct environmental influence 
upon the individual bacterial cell. 

The great majority of bacterial variations that have been described 
belong to the class of apparently adaptive modifications, whether such 
modification be considered as due to the direct action of the environ- 
ment upon thousands or millions of bacterial cells, or to the superior 
advantage in the intra-cultural competition possessed by those cells that 
have some new peculiarity such, for instance, as that of fermenting a 
particular carbohydrate. A bacterial culture, brought in contact with 
a carbohydrate that it is unable to attack, may undergo a change so 
that it becomes able to split the carbohydrate, the change being then 
apparently adaptive. Such cases have been frequently cited as instances 
of bacterial mutation, but, as many of them are described, they might 
equally well be regarded as due to selective acting upon the so-called fluc- 
tuating variations. It is worth noting that most or all the cells of certain 
species seem to behave in the same way in the presence of certain fer- 
mentable substances, and that the newly acquired property is sometimes 
permanent for a long series of generations on other media, sometimes 
lost. ‘ 
In the course of some experiments I have been carrying on during the 
past three years I have attempted to determine the width of swing in a 
pure line strain of bacteria, B.coli, cultivated under varying conditions. 
From a freshly cultivated feces culture a single cell was isolated by the 
Barber method, and from the descendants of this cell, numbering some 
hundreds of millions, two other cells taken at random were made the 
parents of two strains which have been used in a long series of experi- 
ments. Without space left to consider the technical details the following 
results may be stated. Both strains have been subjected to a series of 
influences, some of which might be expected to lead to particular adap- 
tive modification, others of which were of a less specific character. Nei- 
ther strain in the course of growth for over 500 generations at 37° C. 
(transfer every two days) on ordinary nutrient agar has shown any per- 
manent change in ability to produce indol, to coagulate milk, or to 
ferment carbohydrates. On several occasions, however, variations in 
indol production were observed (four days at 37° C.—Ehrlich method) 


\ 
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so that the results as recorded range from a mere trace to the maximum 
intensity observed in any culture. The tests were always carried out on 
the same lot of culture medium and were controlled by a number of cul- 
tures (usually about 20) from the same strains but of different cultural 
histories. Milk was always rendered acid but sometimes not coagulated 
in forty-eight hours. The milk used was certified milk always obtained 
from one dealer and treated in as uniform a manner as possible through- 
out. Nevertheless, differences in rapidity and completeness of coagu- 
lation were so great in different lots of milk as to make such changes 
of little value in attempts to study variation in the physiological proper- 
ties of the organisms themselves. 

The most fundamental change thus far observed is the acquisition of 
saccharose-fermenting powers by one of the pure line strains. This 
quality appeared in the seventh transfer on sodium chloride agar. It 
was not manifested by all the cells of the culture, but at the time of ex- 
amination the saccharose-fermenting cells were greatly in the majority. 
On continuing the transfers they became the sole type found in the cul- 
tures, the non-saccharose type disappearing altogether. The power of 
fermenting raffinose was also possessed by the saccharose-fermenting 
strains. Gas is produced in both saccharose and raffinose solutions and 
over 4% of normal acid is formed. The newly acquired fermenting prop- 
erty has remained permanent throughout a series of over 500 test-tube 
generations (forty-eight-hour transfers), and is shown both by the cul- 
tures on sodium chloride media and by the strains transferred imme- 
diately on the acquisition of this property to ordinary nutrient agar and 
grown side by side with the two parent strains. 

This instance of bacterial mutation therefore seems to fulfil the require- 
ments (a) of appearing suddenly without intermediate stages, (b) of being 
irreversible, at least for three years and for some hundreds of test-tube 
generations, (c) of comprising change in two characters (saccharose and 
raffinose-fermenting power), and (d) of not involving all the cells of the 
parent strain. 

It may be remarked that a differentiation of B.coli into species is com- 
monly made on the basis of the power to ferment saccharose and most 
of the recent classifications of B.coli groups start with this as a funda- 
mental distinction. In the great majority of strains of B.coli that have 
been tested by various observers saccharose fermentation is correlated 
with raffinose fermentation. Saccharose-fermenting streptococci on the 
other hand are often devoid of power to ferment raffinose. 
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It may be noted further that the acquisition of this new character by 
an originally non-saccharose-fermenting strain of B.coli has thus far 
developed only once and then on sodium chloride medium. Cultures 
of the parent organism grown in saccharose broth for a series of gen- 
erations as yet show no gas production or acid production. This -partic- 
ular change therefore seems to be due to the intra-cellular or molecular 
changes brought about by non-specific influences and not to a direct 
adaptation to particular environmental conditions. 


A DYNAMIC CONCEPTION OF THE ORGANIC INDIVIDUAL 


By C. M. Child 


HULL ZOOLOGICAL LABORATORY, UNIVERSITY OF CHICAGO 
Read before the Academy, December 7, 1914. Received January 15, 1915 


The organic world exists in the form of more or less clearly defined 
individuals, which may be completely isolated from others as self-main- 
taining organisms, or only partly isolated, like the members of a so-called 
colony among the lower animals and the different buds or growing tips 
and the parts associated with each in the multiaxial plants. A tree, 
for example, consists of a great number of plant individuals organically 
connected with each other. 

In all except the very simplest organic individuals an orderly, definite 
sequence of events in space and time occurs which we call development. 
Development includes the series of changes from the reproductive cell 
or cell mass to the mature form of the organism. On the one hand, the 
organs arise in definite space relations to each other and to certain axes 
or planes which we can draw through the developing organism, and on 
the other hand, development consists in an orderly sequence of events 
in time. Certain regions always precede and others follow in regular 
order. The result of this orderly behavior is an organism of more or 
less definite form and structure, often exceedingly complex and with a 
high Gegree of constancy in successive generations. In the simplest 
individuals these space and time sequences are either less definite or else 
they are subject to frequent change and replacement by others, but 
in most organisms they are relatively permanent. 

Most theories of the organism have failed to account satisfactorily 
for these orderly characteristics. Either they have simply assumed the 
existence of some sort of mechanism adequate to account for the facts, 
or some ‘vitalistic,’ i.e., non-mechanistic principle, as a controlling or 
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ordering factor, or they have ignored the whole problem. Nevertheless, 
orderly behavior in development is one of the most fundamental and 
significant characteristics of the organism, for upon it depend the form 
and structure of the adult and the possibility of definite and codrdinate 
function of parts. 

During some fifteen years of experimental investigation of certain 
aspects of the problems of reproduction and development, I have been 
able to establish certain facts which throw some light on the problem 
of the mechanism which underlies the orderly character of development 
and at the same time point very definitely to certain conclusions concern- 
ing the nature of the so-called polarity and symmetry of the organism. 
Some of the more important of these facts and the conclusions drawn 
from them are briefly stated in the following paragraphs. 

In all axiate forms (forms possessing one or more axes with reference 
to which an order is perceptible) which I have examined, including sev- 
eral species of ciliate infusoria, Hydra, and several hydroids, various 
flatworms, the eggs and developmental stages of several annelids, of 
starfish and sea urchin and of several fishes, and amphibia, there exists, 
at least during the earlier stages of development and in many cases 
throughout life, a gradient in rate of the metabolic processes or of cer- 
tain fundamental metabolic reactions, which is coincident in direction 
with the longitudinal or chief axis of the body. % *% % 1° The region 
of highest rate in this gradient always becomes the apical region of the 
organism, i.e., the region which precedes in locomotion, or which is 
farthest removed from the region of attachment or insertion in the case 
of sessile forms, or is the chief region of growth or of reaction to external 
conditions according to the nature of the organism. Moreover, in those 
organisms in which a definite head appears, this head, or primarily the 
cephalic nerve ganglion which is its fundamental part and the first to 
appear in development, always arises from this region of highest meta- 
bolic rate. 

This metabolic gradient can be distinguished in various ways; for ex- 
ample, the susceptibility of different regions of the body to various chemi- 
cal agents such as the cyanides and at least many other narcotics in con- 
centrations which kill in the course of a few hours, varies in general with 
metabolic rate.6 Consequently when organisms and particularly the 
simpler forms and earlier stages of development, are killed by such sub- 
stances a metabolic gradient appears as a death or susceptibility gradi- 
ent, the regions of highest rate being most susceptible and dying first. 
Various other conditions such as lack of oxygen, high temperature, and 








166 PHYSIOLOGY: C. M. CHILD 


in many cases low temperature also give the same death gradient and 
by means of the Tashiro biometer a gradient in CO.-production in the 
same direction can also be demonstrated. 

In much lower concentrations of the cyanides and narcotics which 
permit some degree of acclimation the susceptibility gradients of the 
organisms are reversed, because in these low concentrations the regions 
of high metabolic rate undergo more rapid and more complete acclima- 
tion to the reagent, while the regions of lower rate are less capable of 
acclimation and sooner or later die. 

While the metabolic gradient along the longitudinal axis is usually 
the most clearly defined, similar gradients exist in relation to other 
axes or planes of symmetry. In at least most bilaterally symmetrical 
forms metabolic rate decreases from the median region laterally toward 
each side and in the invertebrates ventral regions have primarily a higher 
rate than dorsal, while in the earlier developmental stages of the verte- 
brates the metabolic rate decreases from the dorsal toward the ventral 
region. This difference between invertebrates and vertebrates is of 
interest in relation to the position of the postcephalic parts of the cen- 
tral nervous system, which in the former are usually ventral, in the latter 
dorsal. 

When we examine the course of development in nature we find that 
it confirms these experimental results. In general, wherever we can dis- 
tinguish an axis or a plane of symmetry we can distinguish a gradient 
or gradients in rate or sequence of development along the axis or in defi- 
nite relation to the plane. This gradient corresponds in direction to 
the metabolic gradient and in all cases where a central nervous system 
appears, it is the first organ to become morphologically distinguishable, 
it arises from the region of highest metabolic rate in the primary gradi- 
ents, and its cephalic part represents the region of highest rate in the 
whole organism. 

There is also evidence that such metabolic gradients exist in plants, 
as well as in animals. Most plants are multiaxial forms, but as regards 
single axes, there are various indications of more or less definite metabo- 
lic gradients along these axes. We find, for instance, that the highest 
rate of growth occurs in the apical regions of each axis and that a more 
or less definite growth gradient extends from this region along the axis. 

In general a relation of dominance and subordination exists between 
regions of higher and those of lower metabolic rate. If a regionof high 
metabolic rate is once established in any way in an undifferentiated cell 
or cell mass a more or less definite gradient in rate extending to a greater 
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or less distance from this region arises, because the changes in the prim- 
ary region spread or are transmitted, but with a decrement in intensity 
or energy, so that at a greater or less distance from the point of origin 
they become inappreciable. It is evident that in general transmission 
of this sort must occur from a region of higher to one of lower rate of 
reaction, and S. Tashiro has found that this rule holds for the special- 
ized form of transmission which is found in nerves. Thus the region of 
higher rate, once established, becomes an important factor in determin- 
ing the rate of other regions, and since the rate thus determined is higher 
in regions nearer to it and lower in those farther away, a gradient results. 
Since the region of high rate of reaction determines the existence of the 
gradient, it becomes the chief factor in determining the rate of reaction 
in other regions within the range of its influence and therefore in de- 
termining the sequence of events in time and space in these parts. Con- 
sequently it appears to dominate or control other regions and they to 
be subordinate toit. It is evident that according to this conception the 
degree of dominance and subordination and the range of influence of the 
dominant part must depend primarily upon two factors. The first of 
these is the difference between the metabolic rate of the dominant part 
and the intrinsic rate of other parts before they were influenced by it. 
The higher the rate in the dominant region above the original intrinsic 
rate of the cell or cell mass the greater its effect in increasing the rate in 
other parts and the greater the distance to which its influence extends. 
The second factor is the efficiency of transmission. Where the trans- 
mitted changes influence other parts but slightly and soon die out, domi- 
nance is slight and limited to short distances from the dominant part, 
but where the decrement in the course of transmission is slight, as in 
the nerves of higher animals, the influence on the dominant part may 
make itself felt at very great distances. 

I have been able to demonstrate experimentally in various ways this 
relation of dominance and subordination and to show that the axial 
gradient is an essential factor in determining the orderly formation of 
parts and their relations in space and time to each other. (For some 
of the experiments on Planaria see references 1, 3, 7. Various other 
data on coelenterates and flatworms are as yet unpublished.) For ex- 
ample, in the reconstitution of pieces of Planaria into new whole ani- 
mals, the higher the metabolic rate in the developing head region, the 
farther away from the head do the pharynx and mouth appear, and 
vice versa, and other parts of the body show similar relations. Any 
piece of the planarian body is incapable of giving rise to any parts which 
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are characteristic of levels of the body anterior to the level from which 
it was taken, unless a head first begins to develop. On the other hand, 
any piece is capable of producing parts characteristic of more posterior 
levels than its own, even in the complete absence of a head. These 
facts mean essentially that each level of the body is dominated by 
more anterior levels, but in their absence itself dominates more posterior 
levels and that the head region dominates all levels within a certain 
variable limit of distance. 

It has also been shown by many authors that small isolated pieces 
of the body of various simple animals may undergo reconstitution into 
apical structures or heads without the presence or formation of any 
other parts of the body, but in no case has a posterior or basal structure 
arisen, except in connection with and as an outgrowth from more apical 
or anterior parts. In other words, the apical region or head of the 
organism is capable of developing independently and in the complete 
absence of other parts, while the formation of other regions of the body 
is dependent upon the presence of more apical or more anterior parts. 
This relation between apical or anterior regions and other parts is of 
fundamental importance for our conception of the organism, but, so far 
as I am aware, attention has not been called to its significance by those 
who have observed and recorded many of the facts. 

In some of the lower animals it is even possible to eliminate experi- 
mentally the original gradient and then to produce a new gradient in 
the cell mass in a different direction. In such cases the original axis of 
the organism disappears and a new development takes place along an 
axis coincident with the newly established gradient, the region of highest 
rate in the gradient becoming the apical part of the new individual. 

The dominance of the apical region, the growing tip, over other parts 
of the axis in the plants has long been known to botanists and it has 
been demonstrated repeatedly that this dominance can be decreased or 
eliminated and so the relations in space or time of other parts altered, 
by decreasing or inhibiting metabolic activity in the dominant region. 
Essentially the same relations undoubtedly exist along the axis in both 
plants and animals, but this very important fact has apparently not 
been recognized. 

These and various other experimental data which cannot be men- 
tioned here point us very definitely to the conclusion that the organic 
axis in its simplest form in both plants and animals is a gradient in 
rate of metabolism or of certain fundamental metabolic reactions, per- 
haps primarily the oxidations, and that such a gradient is at the same 
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time the axiate organic individual in its simplest terms. In fact we 
may define the axiate individual as consisting primarily in a gradient or 
gradients in rate of metabolism or of certain metabolic reactions in a 
specific protoplasm. The organic individual is not then simply a hodge- 
podge of chemical substances: it is a physico-chemical complex with one 
or more reaction gradients. If this conception of the organic individual 
is correct, then we must admit further that physiological correlation is 
primarily a matter of the transmission of chemical changes rather than 
of the transportation of chemical substances. In other words, axiate 
organic individuation or integration is of the nervous type from the 
beginning, and the development of the nervous system is the morpho- 
logical expression of physiological conditions which were present and 
began to act at the moment when the axis first arose and which in fact 
constitute the axis in its simplest terms. Undoubtedly specific chemical 
substances, hormones, products of metabolism, or whatever we prefer 
to call them, play very important parts in organic development, but the 
individual must already exist as an orderly whole before they can act in 
any definite and orderly manner. 

We must now consider the question of the origin of the gradient, or 
more correctly of the region of high metabolic rate which determines the 
gradient. The only possible conclusion from many different lines of 
evidence is that it results from the differential action of factors external 
to the protoplasm, cell or cell mass concerned. We see gradients arising 
in nature in this way and it is possible to produce them experimentally. 
If this conclusion is correct, the so-called polarity and symmetry of 
organisms, which are in reality morphological and physiological expres- 
sions of these gradients, are not fundamental properties of protoplasm 
and do not result from polarities or symmetries of its constituent mole- 
cules or particles. They are therefore not comparable to the physical 
polarities and symmetries which are resultants of atomic or molecular 
constitution, for they represent molar differences in metabolic condi- 
tion, which in the final analysis are of external origin. It is probable, 
however, that no cell or cell mass can continue to exist under ordinary 
natural conditions for any considerable length of time without acquiring 
at least a temporary gradient or gradients, for uniformity of action of 
external factors at all points of its surface is inconceivable, except per- 
haps for very short periods, and differences of action will result in a 
gradient or gradients. And it is certain that an orderly and definite 
sequence of events in time and space, such as occurs in organic develop- 
ment, is possible only where one or more of these metabolic gradients 
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is present. Undoubtedly other factors besides the gradients play a part 
in determining the character of the results in many cases, but the orderly 
course of events is dependent upon the gradients. 

The metabolic gradient cannot of course arise or persist simply as a 
gradient in rate of chemical reaction, for the metabolic processes and 
the colloid substratum, the protoplasm, in which they occur are always 
associated. The persistence of the gradient when once established, is 
due to the changes in the substratum connected with the differences in 
rate of reaction. For example, there is evidence that, at least in certain 
forms, a gradient in amount or activity of oxidizing enzymes exists 
along the axis. 

According to this conception, the starting point of the process of dif- 
ferentiation is, in the final analysis, a quantitative gradient or gradients, 
i.e., a difference in rate rather than in kind of metabolic reaction. Is 
such a basis adequate? I believe it is. We know that in chemical reac- 
tions in vitro quantitative differences very often result in qualitatively 
different products. In the organism, where a great number of chemical 
reactions occur in a complex substratum which influences both their 
rate and character, the possibility of differences in quality arising from 
differences in quantity is much greater. The surface of the earth, with 
its physiographic features and its living forms, shows a remarkable differ- 
entiation along the equatorial-polar axis, and this differentiation results 
from the action of quantitative factors, viz., differences in light and 
heat. Moreover, it is possible to determine differences in the course 
and results of development which are manifestly qualitative by changes 
in external conditions which affect primarily the rate rather than the 
kind of reaction in the organism. 

If the axiate individual is primarily a metabolic gradient or gradients, 
the lengths of these gradients represent the physiological limits of size 
of the individual. If the actual size exceeds this limit, either as the 
result of growth or of decrease in the length of the gradient, that portion 
which lies beyond the limit of size becomes isolated physiologically” 
This physiological limit of size is actually attained by the whole organism 
only in the plants and lower animals, where transmission is effective only 
over relatively short distances, because of the rapid decrement in inten- 
sity or energy. In the higher animals, where the chief conducting paths 
have become highly differentiated nerves, in which the decrement is 
very slight and transmission over very great distances is therefore pos- 
sible, size is limited by other factors, such as the progressive differentia- 
tion of cells, which limit division and growth. 
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In the plants and lower animals the physiological isolation of a part 
usually results in reproduction of some sort, the character of the repro- 
duction varying according to the conditions. Certainly the simpler and 
probably all agamic, or, as we commonly call them, asexual reproductive 
processes belong in this category, although additional factors are con- 
cerned in some. Reproduction under these conditions of physiological 
isolation means simply that the isolated part loses more or less com- 
pletely its characteristics as a part, since the correlative conditions which 
determined them are no longer acting, and becomes a new individual, 
either with the persistence of the original metabolic gradients, or with 
the development of new ones through the action of external factors, both 
cases being represented in nature. We see these forms of reproduction 
very commonly in both plants and the lower animals. For example, 
in some of the worms, when the body attains a certain length, the pos- 
terior region becomes a new animal exactly as it does when we isolate it 
physically by cutting it off, and it can be shown that this reconstitution 
results from physiological isolation. In plants a new bud, which is 
a new plant individual, arises at a certain distance from the one previ- 
ously formed, etc. 

These reproductions have been variously controlled and modified in 
plants and I have found it possible to control them in animals. Growth 
is not necessary for their occurrence, for we can decrease the physiologi- 
cal limit of size of the individual, i.e., the length of the gradient, by de- 
creasing the metabolic rate of the whole or of the apical region alone. 
One of the simplest ways of inducing such reproduction is to cut off the 
dominant region or decrease or inhibit its metabolic activity. This 
results in lowering the rate in all other parts and so in shortening the 
gradient, and this in turn results in physiological isolation of the more 
remote parts. Sometimes, when the gradient is nearly or quite elimi- 
nated, the individual breaks up into many new individuals, perhaps into 
single cells, each of which later repeats the process of development. 
Many cases of spore formation in the plants and lower animals are of 
this nature. 

This conception of the organic individual throws light on many ques- 
tions heretofore obscure. It not only accounts for the orderly behavior 
in space and time of the organism during development and for the agamic 
reproductions, but it enables us to understand how a multitude of axes 
or polarities, extending in all possible directions, can exist in different 
cells and organs at the same time with a general axis or axes of the 
whole organism. 
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This view also affords a basis for the interpretation and synthesis of 
the data of regeneration or form regulation which have stood heretofore 
as curious and remarkable facts, but without any adequate underlying 
general conceptions or working hypotheses. With this conception of 
the individual these data fall readily into line and many of them support 
and confirm it in a very definite way. 

From this point of view the development of the nervous system as a 
conducting and correlating system and of its functionally dominant 
cephalic region are less completely mysteries than they have been, for 
we can see that they are the final results of conditions which existed at 
the first moment of individuation, and that the physiological integration 
of the organic individual is always fundamentally a relation of domi- 
nance and subordination. In the lower organisms and the earlier de- 
velopmental stages of the higher, individuation approaches more or less 
closely to that type of social individuation which we find in the tribe or 
in certain forms of the primitive state, while in the later stages of devel- 
opment of the higher animals there are many indications of an approach 
toward democracy in the organism. 
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A NOTE ON FUNCTIONS OF LINES 


By Gilbert Ames Bliss 


DEPARTMENT OF MATHEMATICS, UNIVERSITY OF CHICAGO 
Presented to the Academy, December 2, 1914 


A function of a line 


b 
Fly(x)] (1) 
may be regarded as a generalization of a function F (1, ye, ..., Ya) of 
a finite number of variables y; (¢ = 1, 2, ..., ). Instead of having a 


well defined value when a point (y1, ye, ..., yn) is given, the value of 
the function (1) is determined only when an infinitude of y-values 
belonging to an arc of the form 


y = o(x) (aSx5b) (2) 


is prescribed. The index 7 ranging over the integers 1, 2, ..., m in the 
function of a finite set of variables, is replaced in (1) by the index x 
ranging over the interval a <x <b. Examples of functions of this 
sort are the length of the arc (2), the time required by a heavy particle 
to fall from one end of the arc to the other, the area of the surface gen- 
erated by revolving the arc about the x-axis, and many others. 

For such functions Volterra has defined continuity and a derivative 
function.!. The function (1) is said to be continuous at the arc (2) if 
for any given e there always exists a 6 such that 


|AF| = | Flo(x) + ¥(x)] — Flo(a)]|<e, 
whenever ¥(x) satisfies the conditions 
\W(x)| <6 (aSxSb). 


Let y (x) be further restricted not to change sign and to vanish identi- 
cally except on an interval of length less than / containing a fixed 
value x = & Then the derivative of F at the value ¢ is defined by the 
equation 
F'{o(a), d= tim %, 
s=00 
=0 


: h 
o = { v(e)ee. 


where 








174 MATHEMATICS: G. A. BLISS 


Further results of interest can be deduced? provided that the function 
F, the arc (2), and the value ¢, have associated with them a constant 
M such that 

API M, : 


iP (3) 


however 5 > 0, k > 0, and y (x) are chosen, provided only that y (x) 
is related to 6 and / in the manner described above. 

It is important that these considerations should apply to the inncieila 
of the calculus of variations in terms of which the line functions cited 
above by way of illustration, with many others, are expressible. Such 
integrals in general are not continuous, do not possess derivatives, and 
do not satisfy the condition (3), in the forms specified by Volterra. It 
is the purpose of this note to prove this statement, and to call attention 
to the modifications of Volterra’s definitions which apply also to the 
line functions of the calculus of variations. 

Consider the simplest type of integrals of the calculus of variations. 


Foe) = { fle, y(x), 9" (e))de. (4) 


The length integral is a special case which is not continuous according 
to Volterra’s definition. For in the figure ac + cb 
is the length of each serrated line joining a with 
b and consisting of the slanting sides of the tri- 
angles with bases on ab and equal altitudes. There 
is one of these serrated paths in any neighbor- 
hood of the straight line ab. Hence the length 
integral is not continuous according to the defi- Fic. 1. 

nition given above. 

A function will be said to be of class C” if it is continuous and has 
continuous derivatives up to and including those of the m-th order. 
Consider then a curve (2) of class C”, and let the function f in the inte- 
gral (4) also be of class C” in a neighborhood R of the values (x,y,y’)’ 
belonging to (2). Then the increment AF for the integral (4) is expressi- 
ble in the form 


6b 
- -j {f(x, p+¥, 0 +W) —f(a, 9, ¢’) }dx 


< 





b 
-{ {Ay + By’ }de, 
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where’ 
1 
or [ne e+ hy, ¢ + oy’) de, 


1 
B = {ie ¢ + OY, ¢ + op’) de, 


provided that y is continuous, and of class C” except possibly at a finite 
number of values of x in the interval a <x <5, and provided also 
that the values (x, ¢ + ¥, o + W) fora Sx S bare all in R. After 
the usual integration by parts of the calculus of variations, and an 
application of the mean value theorem for a definite integral, this becomes 


waf(e-B)se-[-2] from 0 


where x’ is a suitably selected value in the interval of length h or less 
including x = ~, and on which y is not identically zero. Let y have 
the value 


corresponding to the circular arc in Figure 2, on the interval 
h h 
—-- Sxsié§+-— 
: Baits : 2 


where it is not identically zero. 





—— 
BS . ad 
5-4 i / 


H AY 
i 
Fie. 2. 


Then 
b 
ydx=r? (@—sin@cos6), 6k=2r'sin@ (1 —cos8). 


If 6 is allowed to approach zero, while r remains constant, it follows 
that # and 6 both pains zero, and 


in = [n— gotrs | 5 
hk=0 
ms ln Eiht biowt | (7) 


hk=0 











176 MATHEMATICS: G. A. BLISS 


where the arguments in f and its derivatives are x, g, y’. It is clear 
from these expressions that at a value é defining a point on the curve 
(2) where the derivative fy, is different from zero, the limits (6) and 
(7) may take any arbitrarily assigned values, one value only being ex- 
cepted in each case, provided that r is properly chosen. The finction 
(4) has therefore no derivative in the sense of Volterra at the value 
x = , and does not satisfy the condition (3). 

For any more general variation y satisfying the restrictions specified 
in the first part of the last paragraph, it is clear from (5) that 


PL ds)avfiamee firm, 0 


where the arguments of f and its derivatives are x, y + Oy, go’ + Oy’. 
Hence if the conditions 


ly(x)|<s, |v’ (x)| <4, |p’ (x)|<3 (a<x<b), (9) 


as well as those described above are satisfied, the derivative limit will 
exist and have the value 
kr 


_ E ae rs a 


the arguments of the derivatives of f being x, y, g’. Let N be the maxi- 
mum of the absolute values of /, — df, /dx, fy, fyy, in the neighbor- 
hood R. Then from (8) 


AF|_ {AF 
fe 


= 
> oO 
ii 


0 
0 


AF 


oc 


g 


oh bh 


and it is evident that the quotient AF /éh is bounded for all values of 
5 >0, k > 0, and y such that the inequalities (9) hold and the values 
(x, eg +¥,¢' +y) fora Sx SbareinR. ; 

By similar arguments it will be clear what properties are possessed 
by an integral of the form 


Fiy@)l= {7 O49,...,79% 


Let the curve (2) be defined by a function ¢ of class C™. In a neigh- 
borhood R of the values (x, y, y’, ..., y™) belonging to the curve, the 
function f is supposed to be of class C“*t”. Then‘ the function F has 
continuity of order . In other words, for a given e there always exists 
a 6 such that 


s 























6 6 
<N ~ ~ 
we +Ni+WN;, 
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|AF| =|F[p(x) +¥(x)]—F[e(x)]|<e 


whenever y is of class C”, or continuous and of class C™ except pos- 
sibly at a finite number of x-values, and 


ly (x) | < 6, | ¥’ (x) | <4, ...... »|¥™ (x) |<6 (asx<b). (10) 


Further F has a derivative at any value x = ¢ which is approached with 
order 2n; that is, if y does not change sign and vanishes except on an 
interval of length less than / including x = é, and if furthermore 


| v(x) | <a, |p’ (x) |<, ...... » |w™ (2) | <4, (11) 
then the limit 
F’ [o (a), ] = lim 4” 
6=0 @¢ 
h=0 


exists. Further the absolute value of the quotient AF /ék will be bounded 
for all choices of 5 > 0, h > 0, y (x) satisfying the relations (11) and 
such that the values (x, y, y’,...,y™) on the arc y= y+ y,aS% Sb, 
are all in the neighborhood R. 

Volterra, Lecons sur les equations intégrales, ch. 1, art. 5: or his Legons sur les fonc- 
tions des lignes, ch. 1, art. 2. 

2 Volterra, arts. VII and 2, 3, respectively, of the chapters referred to above. 

3 See Jordan, Cours d’Analyse, vol. 1, p. 247. 


“See Fischer, A generalization of Volterra’s derivative of a function of a curve, Amer. 
J. Math., 35, 385 (1913). 


A CLASSIFICATION OF QUADRATIC VECTOR FUNCTIONS - 


By Frank L. Hitchcock 


DEPARTMENT OF MATHEMATICS, MASSACHUSETTS INSTITUTE OF TECHNOLOGY 
Presented to the Academy, January 9, 1915 


There is probably no chapter of mathematics more worthy of 
attention, or more neglected at present, than the theory of vector 
functions. In the case of the linear vector function, it is true, a good 
deal has been found out in one way or another, and this by some of 
the very greatest of mathematicians. First investigated in detail by 
Hamilton! and again appearing as Cayley’s matrix of the third order,? 
the linear vector function is essentially the same as the Grassmann open 
product® and the Gibbs dyadic.‘ In Germany the nonion or three- 
square matrix bears the name Tensor,‘ a word used by others in a differ- 
ent sense. On the other hand, we may make a clean sweep of all these 
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operational concepts and, if it pleases us, define a vector function as a 
set of three algebraic forms X,Y,Z, homogeneous polynomials in three 
variables x,y,z, with nothing left of the original idea of a vector as a di- 
rected quantity except a definite order in writing the three forms 
X,Y,Z. The occurrence of the same mathematical entity under such a 
variety of names and algorisms is perhaps the natural consequence of 
its fundamental character. 

From whatever point of view we prefer to start, it is well known 
in the linear case that a convenient classification of types may be 
made with reference to the axes of the function; an axis of a linear vec- 
tor function ¢ of a vector p being a direction of p such that ¢p and p 
are parallel, or ¢p = gp, where g is a mere number. In the language 
of algebraic forms this is the same as saying that an axis is a point, in 
homogeneous coérdinates, satisfying the equations 

yZ — 2Y = 0, zX — xZ = 0, x¥ — yX = 0. (1) 

In the longer work of which the present paper is an outline, a similar 
basis is taken for a classification of types of quadratic vector functions 
Fp of the vector p. Related mathematical problems which, by reason 
of their close kinship, suggest the study of vectors of higher degree 
are numerous.’ For example, if x,y,z, and X,Y,Z, denote points re- 
spectively in a first plane and in a transformed plane, the vector Fp 
obviously enough defines a geometric point-transformation. The 
worker who limits himself, however, to such an interpretation in homo- 
geneous codrdinates will lose sight of the conveniences of vector addi- 
tion. Wemay with equal ease let Fp define a transformation in space 
of three dimensions with the origin invariant. 

As another application, the properties of Fp, by reason of their 
invariant character with reference to change of codrdinate axes, are 
intimately connected with the whole theory of a set of three algebraic 
forms. That the study of the linear vector function led to the dis- 
covery of various invariants belonging to one function or to a system of 
several such functions, is well known.*° 

Again, the student of certain types of differential equation will find 
that the notion of a vector function comes readily into his work. The 
very appearance of equations like 


—_— or (2) 


where X, Y, and Z are algebraic forms as already explained; or like 
(yZ — zV)dx + (2X — xZ)dy + (x¥ — yX)dz = 0; (3) 
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suggests translation into some sort of vectorial language. With special 
reference to the quadratic case, there exist several long and interesting, 
although not very recent, French monographs, notably one by Dar- 
boux,’? in which he takes advantage of the close relation of equations 
(2) and (3) with each other and with the equations, in non-homo- 
geneous forms, 


—=—,3:=1,Z2=0. (4) 


It follows that a vector function offers a ready tool for inquiring into 
the nature of the functions defined by any equation of the type 
dy/dx = R, where R is a rational function of x and y. Darboux does 
not get much beyond an examination of a great variety of cases where 
(3) possesses one or more algebraic integrals, or else can be brought 
to depend on a Riccati equation. He does show very clearly the 
wide range of even this problem, indicating the very general character 
of the function which would satisfy (4) when X and Y are quadratics 
set down at random. For instance, the most general hypergeometric 
function satisfies a second order equation which is a resolvent for a 
very special case of (4) in the Riccati form. Darboux uses no vector 
algebra as such, but he brings out and uses a fact which, translated 
into vector language, is as follows: The addition to a vector Fp of another 
vector of the form pt, where ¢ is a scalar variable, does not alter the 
axes of Fp. This is geometrically evident. Analytically expressed it 
means that if X,Y,Z, satisfy (1) when a certain set of values of x,y,z 
is given the equations will still be satisfied by 
X +t, VY +ty, Z + iz, 
written instead of X,Y,Z. This can be verified directly. In fact the 
variable ¢ disappears automatically from (3). Roughly speaking, the 
connection of ideas consists in this, that if (3) has been completely 
solved (which requires a certain number of particular solutions), then 
both (2) and (4) can be solved by quadratures. In the quadratic case, 
the scalar ¢ takes the form Sép, that is, it depends upon a single con- 
stant vector 6. Now if, for a value of 5, we can find a solution of (4), 
or (what is much the same here), of the partial differential equation 
ou ou ou 

x= + yk “ashe ast (5) 
this solution will be a particular solution of (3). Stated another way, 
all the different functions defined by (5) when all possible values are 
given to the vector 6 can be found by quadratures when (3) has been 
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solved completely; these functions constitute a family or set possessing 
some group properties,—just how far they form a group has not been in- 
vestigated, so far as I am aware. 

The axes of the vector function correspond to the singular points 
of (3), if we interpret in homogeneous codrdinates. It is wellknown 
that these are m?+ +1 in number,’ when m is the degree of the 
forms X,Y,Z. If m = 2 we thus have seven axes, in general. 

The necessity for careful examination and classification of types of 
quadratic vector functions appears from the fact that many differ- 
ential equations like (4) do not yield vectors of the most general kind, 
having all seven axes distinct, but possess multiple or coincident axes of 
all orders up to seven. To take a simple example, if X = xy, Y = yz 
and Z = zx, the vectors i, j, and k are all double axes, and i+j+ka 
single axis, that is, in homogeneous coérdinates, the points (1,0,0,), 
(0,1,0,), and (0,0,1), are higher singularities of (3), and (1,1,1,) is an 
ordinary singularity. By a proper choice of ¢, that is of 6, we can add 
a term pSép which shall make Z = 0, and have the equation (4) as 

dy _y(l—~-). 

dx x(y—x)’ 
the value of # being — x, and that of 5 beingi. The variables x,y,z them- 
selves correspond to particular solutions of (3). Four particular solu- 
tions are needed, however, to complete the solution by quadratures; 
hence the rest of the functions of the family cannot be found by mere 
quadratures. 

Again, a quadratic vector may have more than seven axes, but if 
so it has an infinite number, and equation (3) may be divided through 
by a scalar variable. Take for example one of the simplest types 
furnished by the technique of vector algebra, viz., VeVap, or in Gibbs’ 
notation p X (a Xp). This vector may be expanded as 

pSap — ap’, 
which differs from the vector a(x? + y* + 2*) only by the term in p, 
having no effect on the axes. Hence any element of the minimal cone 
p? = 0 is an axis, and a is the only other axis. 

The most general quadratic vector function may be very elegantly 
defined by a sum of triads, that is, a triadic. A single triad afy mul- 
tiplied (dot product) by and into p is the same as the Hamiltonian 
vector SSapSyp. Evidently 8 is an axis. Also, any vector at right 
angles either to a or to y is an axis. As a less special example, the 
vector Vgpspt, where g,s,¢ are constant quaternions, has important 
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geometrical applications; Hamilton showed that its properties include 
those of the most general cubic cone.® This vector cannot be so simply 
expressed in any other algorism. It has, in general, all its axes 
distinct; two of them are on the minimal cone p? = 0, and are easily 
found. The others are determined by an equation of the fifth degree. 

In developing a classification of various types, I have made com- 
paratively slight use of the technical processes of vector algebra, and 
have based my subclasses on configurations of the axes rather than 
on the possibility of simple algebraic expression. It appears that, 
in the most general type, a normal form of vector is easily obtained in terms 
of the axes themselves. If there are double axes, but no higher axis, 
there is still no particular difficulty, although the normal forms are less 
simple. It is shown that there is only one kind of triple axis; obviously, 
a quadratic vector can have at most two of these. A normal form of 
vector with two triple axes is developed, and has a number of prop- 
erties in the way of symmetry. An axis of the fourth order, on the 
other hand, may be of two kinds. Quadratic vectors with an axis of 
higher order than the third fall naturally into two families, accord- 
ing as the axis is of the first, or of the second kind. An axis of the 
first kind is shown to correspond to a double point common to all three 
of the cubic curves defined by equations (1), if we interpret in homo- 
geneous codrdinates. The second kind is shown to depend on a par- 
tial differential equation satisfied by the vector Fp. This differential 
condition depends in part on the results of my former papers, where 
the properties of a differential vector have been developed.!® 

Tests for the existence of axes of any order up to, and including 
the fourth have been given for vectors of any degree whatever. In 
the quadratic case, normal forms are given including all possible types. 

The existence of over one hundred special types makes it very de- 
sirable to have, on the formal side, the means of covering in one compar- 
atively simple algebraic expression as many of these types as possible,— 
and in such a way that their properties are easily correlated. The 
largest number of advantages for this purpose appears to be possessed 
by the form V¢p%, where ¢ and @ denote linear vector functions. In 
Gibbs’ notation, this is the same as determining our vector function 
by the cross product of two dyadics. Besides compactness of expres- 
sion, this vector product offers the following advantages: 

1. It is easily interpreted as the most general birational quadratic 
point transformation in a plane. 

2. It differs from a quadratic vector of the most general type only by 
a term in p, which, as already shown, does not alter the axes. 
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3. The properties of a quadratic vector are made to depend on those 
of linear vectors. 

4. For the study of differential equations it is especially suited since 
it is a vector product. Equation (3) takes the factored form 
S¢p%Vedp = 0, or in Gibbs’ notation (¢p X Op).(p X dp) = 0.2 

5. Three of its axes are zeros, that is, for three values of p the vector 
vanishes in all its components. 

It appears, therefore, as a problem of importance to determine how 
far the various possible configurations of axes, in special types of quad- 
ratic vectors, are included among possible configurations of the axes of 
Vé¢p%p. This is the same as the problem of determining with what 
exceptions a quadratic vector of whatever type or sub- -type can be 
written in the form 

Vop0p + pSép. 

At this point of the investigation a certain difficulty presented itself. 
It is easy so to chose 6 that the resulting quadratic vector shall have 
three zeros, distinct or multiple; if, then, the vector does not fall into a 
uniplanar, i.e., a binomial form, it is possible to factor vectorially into 
V¢p§p. But a binomial quadratic vector cannot be so factored, hence 
the necessity of examining a very large number of choices of 6 to find 
those which do not yield a binomial. For most types where such a vec- 
tor 6 can be found, I have contented myself with giving the value of the 
resulting 6, since its accuracy, when found, is easy to verify. In the 
cases where no value of 5 can be found, I have, of course, demonstrated 
the impossibility. 

The final result is, on the whole, highly satisfactory. It appears 
that the form Vop0p + pSip includes all types of quadratic vectors except 
two simple sub-types both belonging to the family hating a higher axis of 
the second kind. Normal forms for these two very exceptional types 
have been given. 

The existence of these exceptions is due to the fact that, as the form 
of the vector grows more and more restricted, the possible choices of 4, 
which avoid the binomial, decrease in number. Thus in general there 
are thirty-five possible values of 5; but if the determinant of the com- 
ponents of a set of three axes vanishes, the number falls to thirty-one; 
and the occurrence of multiple axes also reduces the number. The 
wonder appears to be, not that there are exceptions, but that there are 
so few, and these so simple. 

Various properties of quadratic vector functions appear by virtue of 
the normal forms which characterize their types. Some of these bring 
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out properties of the differential equations (3) and (4). For example, 
it is very easy to determine, when the type of the vector is known, 
whether these equations can be solved by quadratures. Again, it ap- 
pears that the most general equation (4) never corresponds to the 
vector function of the most general type, but to a slightly restricted type. 
A consideration of the details of these normal forms would carry the 
discussion beyond the limits of the present paper. 


1W. R. Hamilton, Lectures on Quaternions, p. 480. 

2 Arthur Cayley, London, Phil. Trans. R. Soc., 48, 17 (1858). 

3 Hermann Grassmann, Gesammelite Werke (Die Lineale Ausdehnungslehre, 1844, § 172). 

4 Gibbs-Wilson, Vector Analysis (1902). A dyadic is a sum of dyad terms, where each 
dyad is a product of two vectors. When multiplied into the vector p by dot, i.e., scalar, 
multiplication, a single dyad is equivalent to a Hamiltonian term of the form BSap. 

5 W. Voigt, Die fundamentalen Eigenschaften der Krystalle (1898). 

6 Hamilton, Joc. cit., Lecture VII. A Hamiltonian invariant is a function of three vec- 
tors which is unaltered when these vectors are varied. 

7 Darboux, Mémoire sur les Equations Différentielles Algébriques, Bul. Sc. Math., 
Paris, 13, 83 (1878). 

8 Clebsch, Legons sur la Geometrie (Tr. Benoist), t. 2, p. 113; Vorlesungen tiber Geometrie, 
Bd. 1, 390, 1001. 

® Hamilton, Elements of Quaternions, Art. 415. 

10 F. L, Hitchcock, Phil. Mag., Ser. 6, 3, 576 (1902); Ibid., 4, 187 (1903).” 


ON THE RADIAL VELOCITIES OF FIVE NEBULAE IN THE 
MAGELLANIC CLOUDS 


By Ralph E. Wilson 
LICK OBSERVATORY, UNIVERSITY OF CALIFORNIA 
P, ted to the Academy, February 11, 1915 





In the course of observations on the velocities of approach and re- 
cession (radial velocities) of southern nebulae whose spectra contain 
bright lines, made with spectrographs attached to the 37-inch reflecting 
telescope of the D. O. Mills Expedition from the Lick Observatory, 
at Cerro San Cristobal, Santiago, Chile, we have found that the follow- 
ing five nebulae have high radial velocities. The results depend upon 
the observed positions of the Hf hydrogen line and the nebulium lines 
at 5007A and 4959A, in each case. The velocities are not corrected for 
the solar motion. 





: Radial velocity 
Nebula Right i Declinati km /sec. Number of plates 
* N. G. C. 1644 ih 6.2m —73° 44’ +158 3 
N. G. C. 1714 4 52.0 —67 06 +301 2 
N.G.C.2111 © 5 52.6 —69 33 +268 2 
N. G. C. 1743 4 54.6 —69 21 +254 1 
N. G. C. 2070 5 39.4 —69 09 +276 1 
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It is of special interest that all of these nebulae lie in the Magellanic 
Clouds, and that they are the only nebulae thus far observed by us in 
the Clouds. The first object, N. G. C. 1644, is in the Smaller Cloud, and 
the other four are in the Greater Cloud. 

It is difficult to doubt that these nebulae are actually within the struc- 
ture of the two Clouds, respectively: N. G. C. 1644, seen upon the Smal- 
ler Magellanic Cloud as a background, is the only known bright-line 
nebula in that region of the sky;! and the others are four of the nineteen 
known bright-line nebulae closely clustered upon the background of the 
Greater Magellanic Cloud, which are almost equally isolated from other 
nebulae of their kind. 

Again, the radial velocities of the four nebulae observed in the Greater 
Cloud lie between 250 and 300 km. per second, recession. We should 
not expect the substantial equality of such high velocities unless the 
four objects bear a close relationship to each other or to the structure 
of the Greater Magellanic Cloud as a whole. It seems desirable that 
an effort should be made to measure the radial velocities of as many of 
the faint stars in the Magellanic Clouds as time and means will permit, 
in order to determine whether the average velocities of the stars in the 
Clouds approximate the velocities of the nebulae existing in the Clouds; 
that is, to determine whether the Magellanic Clouds possess high veloci- 
ties of recession with reference to our general stellar system. 

One is also inclined to inquire whether a more or less intimate resembl- 
ance may exist between the characters of the Magellanic Clouds and of 
the spiral nebulae, inasmuch as the spirals have been observed by 
Slipher to possess abnormally high radial velocities. 


1 For list of nebulae known to have bright-line spectra, see Annals of Harvard College 
Obs., 76, 21 (1914). 


NOTICES OF SCIENTIFIC MEMOIRS 


Monograph of the Bombycine Moths of North America, including their Trans- 
formations and Origin of the Larval Markings and Armature. Part III. 
Families ceratocampidae (exclusive of ceratocampinae), saturniidae, hem- 
leucidae, and brahmaeidae. By ALPHEUS SPRING PACKARD, edited by 
THEODORE D. A. COCKERELL. First Memoirof Volume 12 of the Memoirs 
of the National Academy of Sciences. _ Washington, 1914. 1-502 p. 34 
fig. 113 pl. 


The third part of the late Dr. A. S. Packard’s Monograph of the Bombycine 
Moths of North America, published on December 31, 1914, by the National 
Academy of Sciences, and containing 16 pages including 34 figures and 113 
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plates, many of which are colored, covers the Saturnioid moths, including 
many species of large size, important as producers of silks, and others injurious 
to cultivated plants. This does not complete the work planned by Dr. Pack- 
ard, but includes all the material which was sufficiently elaborated at the 
time of his death to be available for publication. As the work developed under 
Dr. Packard’s hands, it became increasingly apparent to him that for a broad 
and philosophical view of the subject it was necessary to take into account the 
exotic genera and species, and thus the later work is of larger scope than the 
original title (Bombycine Moths of North America) would suggest. The work 
on the Saturniidae was, in fact, planned on the lines of a monograph of the 
species of the entire work, with special reference to the transformations, in- 
cluding elaborate new descriptions of all the larvae which could be obtained 
from any source. The editor found it impracticable to bring the work up to 
date, to include all known species, and sought only to include some account of 
lately discovered genera, and to elaborate somewhat more fully the part 
dealing with North American species. To do more than this would be to 
unduly increase the size of the volume without corresponding advantages, 
especially since the added matter would represent merely the republication 
of descriptions which have already been printed elsewhere. To do less would 
inconvenience the user of the book, who would look in it for up-to-date in- 
formation, so far as the plan of the work might lead him to expect. The final 
result is necessarily imperfect and suffers greatly from the lack of the de- 
velopment and revision the work would have received at the hands of the 
illustrious author, had he lived; but on the other hand it represents a large 
positive contribution to entomology, especially on account of its numerous new 
and detailed descriptions, and the beautiful new illustrations of larvae. 

Dr. Packard left comparatively few illustrations of the adult insects, and 
the absence of pictures of most of the genera discussed was felt to be a serious 
drawback. Fortunately this difficulty was overcome through the generosity 
of Mr. J. H. Watson of England, and of the U. S. National Museum, through 
Dr. H. G. Dyar, and so the published work contains figures, made from photo- 
graphs, of a very large number of species, many of which are represented by 
the actual types, while many others are here figured for the first time. 

The work here concluded is a continuation of previous investigations pub- 
lished as Volume 7, First Memoir, and Volume 9, Second Memoir, of the 
Memoirs of the National Academy of Sciences. 


The Turquois: A Study of its History, Mineralogy, Geology, Ethnology, Archae- 
ology, Mythology, Folk-lore,:and Technology. By JosEPH E. POGUE. 
Third Memoir of Volume 12 of the Memoirs of the National Academy of 
Sciences. Washington, 1915. 


This treatise contains 206 pages and is illustrated by 20 half-tone plates, 
2 colored plates, and 6 text-figures. It is concerned with the treatment of 








186 NOTICES OF SCIENTIFIC MEMOIRS 


a single precious stone in all its aspects and, though scientific in scope and 
technical in detail, aims to have a popular appeal and a general interest as 
well.’ The first chapter deals with turquois from the historical standpoint, 
tracing its position in literature from remote times to the present. Special 
emphasis is laid upon the mediaeval ideas that obtained regarding this pre- 
cious stone, and the review affords an epitome of the development of. early 
mineralogic science. Chapter two describes in detail the physical properties 
of turquois and discusses its chemical composition. Chapter three is largely 
geological and is descriptive of the turquois localities of the world. Special 
attention is given to the early history of the interesting deposits in the Sinai 
Peninsula, which were extensively exploited by the Egyptians during the 
Dynastic Period; and the famous mines near Nishapur in Persia are brought 
before the reader in the detail their significance deserves. The importance 
of scarcely known depositsin Central Asia, which have for centuries contributed 
a notable supply of stones to the Orient, is also pointed out. Chapter four 
goes into a careful discussion of the origin of turquois. In chapter five the 
use of turquois from a world point of view is taken up and traced from antiq- 
uity to the present. The human element is here uppermost and interesting 
analogies appear in parallel applications by independent peoples. Its employ- 
ment by the American aborigines leads to especially full treatment of a phase 
of the subject of considerable ethnologic significance. The position held 
by turquois in Tibet and China is discussed in the light of recent investigations 
by Berthold Laufer. In chapter six the identity of chalchihuitl, a species of 
precious stone used by the Aztecs, is investigated and its bearing on turquois 
discussed. The seventh chapter depicts the position of turquois in the myth- 
ology and folklore of the various peoples that have chanced to use this mineral. 
The superstitions in which the turquois is concerned are many and varied and 
afford an interesting parallel to its ornamental application: Chapter eight 
is given up to the more technical aspects of the subject, wherein the mining, 
cutting, means of imitation, and production are considered. The final sec- 
tion is an annotated bibliography, comprising upwards of 400 titles, which 
forms a reasonably complete record of the works that touch on turquois. 








